UNDERGRADUATE
INSTRUMENTAL
ANALYSIS

aIXCh Edition

James W. Robinson

Louisiana State University
Baton Rouge, Louisiana, U.S.A.

Eileen M. Skelly Frame

Rensselaer Polytechnic Institute
Troy, New York, U.S.A.

George M. Frame Il

New York State Department of Health
Albany, New York, U.S.A.

MARCEL

MARCEL DEKKER NEW YORK

&
DEKKER

Also available as a printed book
see title verso for ISBN details




JNDERGRADUATE
NSTRUMENTAL
INALYSIS

Sixeh Edition







UNDERGRROUATE

INSTRUMENTAL
ANALYSIS

aIXth Edicion

James W. Robinson

Louisiana State University
Baton Rouge, Louisiana, U.S.A.

Eileen M. Skelly Frame

Rensselaer Polytechnic Institute
Troy, New York, U.S.A.

George M. Frame Il

New York State Department of Health
Albany, New York, U.S.A.

MARCEL

MARCEL DEKKER

®
DEKKER

NEW YORK



This edition published in the Taylor & Francis e-Library, 2005.

“To purchase your own copy of this or any of Taylor & Francis or Routledge’s
collection of thousands of eBooks please go to www.eBookstore.tandf.co.uk”

Permission for the publication herein of Sadtler Spectra has been granted by Bio-Rad Laboratories,
Informatics Division

Although great care has been taken to provide accurate and current information, neither the author(s) nor the
publisher, nor anyone else associated with this publication, shall be liable for any loss,

damage, or liability directly or indirectly caused or alleged to be caused by this book. The material
contained herein is not intended to provide specific advice or recommendations for any specific situation.

Trademark notice: Product or corporate names may be trademarks or registered trademarks and are used only for
identification and explanation without intent to infringe.

Library of Congress Cataloging-in-Publication Data
A catalog record for this book is available from the Library of Congress.

I SBN 0-203-99730-1 Master e-book | SBN

ISBN: 0-8247-5359-3 (Print Edition)

Headquarters
Marcel Dekker, 270 Madison Avenue, New York, NY 10016, U.S.A.
tel: 212-696-9000; fax: 212-685-4540

Distribution and Customer Service
Marcel Dekker, Cimarron Road, Monticello, New York 12701, U.S.A.
tel: 800-228-1160; fax: 845-796-1772

World Wide Web
http: //www.dekker.com

Copyright © 2005 by Marcel Dekker. All Rights Reserved.
Neither this book nor any part may be reproduced or transmitted in any form or by any means, electronic or

mechanical, including photocopying, microfilming, and recording, or by any information storage and retrieval
system, without permission in writing from the publisher.



Preface to the Sixth Edition

Analytical chemistry today is almost entirely instrumental analytical chemistry and it is
performed by many scientists and engineers who are not chemists. Analytical instrumen-
tation is crucial to research in molecular biology, medicine, geology, food science,
materials science, and many other fields. While it is true that it is no longer necessary
to have almost artistic skills to obtain accurate and precise analytical results using instru-
mentation, the instruments should not be considered “black boxes” by those using them.
The well-known phrase “garbage in, garbage out” holds true for analytical instrumentation
as well as computers. We hope this book serves to provide users of analytical instrumenta-
tion with an understanding of their instruments.

In keeping with the earlier editions of this text, the book is designed for teaching
undergraduates and those with no analytical chemistry background how modern analytical
instrumentation works and what the uses and limitations of analytical instrumentation are.
Mathematics is kept to a minimum. No background in calculus, physics, or physical chem-
istry is required. All major fields of modern instrumentation are covered, including
applications of each type of instrumental technique. Each chapter includes discussion
of the fundamental principles underlying each technique, detailed descriptions of the
instrumentation and a large number of applications. Each chapter includes an updated
bibliography and new problems and most chapters have suggested experiments approp-
riate to the technique.

This edition has been completely rewritten, revised, and expanded. To achieve this,
the previous approach of having each chapter be self-contained has been abandoned;
repetition has been reduced to a minimum so that more topics could be covered in
more detail. The topics of chromatography and mass spectrometry have been greatly
expanded when compared with the 5th edition to better reflect the predominance of chro-
matography and mass spectrometry instrumentation in modern laboratories. The equally
important topic of NMR has been refocused on FTNMR and expanded to included '*C
and 2D NMR spectral interpretation.

A unique feature of this text is the combination of instrumental analysis with organic
spectral interpretation (IR, NMR, and MS). The NMR, IR, and MS are all new, courtesy of
Bio-Rad Laboratories, Informatics Division (IR), Aldrich Chemical Company (NMR),
and one of the authors (MS), and were obtained on modern instruments, to reflect what
students will encounter in modern laboratories. The use of spreadsheets for performing
calculations has been introduced with examples. Reflecting the ubiquitous nature of the
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Internet, we have included large numbers of instrument manufacturers’ websites, which
contain extensive resources for interested students.

Sampling, sample handling, and storage and sample preparation methods are exten-
sively covered, and modern methods such as accelerated solvent extraction, solid phase
microextraction (SPME), and microwave techniques are included. The NMR chapter is
focused on the current technique of FTNMR. Proton, 13C, 2D NMR are covered including
spectral interpretation. The NMR spectra presented are from a 300 MHz NMR instrument.
Instrumentation, the analysis of liquids and solids, and applications of NMR are discussed
in detail. A section on hyphenated NMR techniques is included, along with an expanded
section on MRI. The IR instrumentation section is focused on FTIR instrumentation.
Absorption, emission, and reflectance spectroscopy are discussed, as is FTIR microscopy.
Near-IR instrumentation and applications are presented. Coverage of Raman spectroscopy
includes resonance Raman, surface-enhanced Raman, and Raman microscopy. Chemical
imaging is described. The section on IR spectral interpretation has been greatly expanded
and all new spectra are presented. UV and visible spectroscopy includes innovations such
as flowthrough sample holders and fiber optic probes. UV absorption spectral inter-
pretation for organic molecules is covered in depth. Applications described include
spectrophotometric titrations and spectroelectrochemistry. Nephelometry, turbidimetry,
fluorescence, and phosphorescence are described in detail, including instrumentation
and applications. The techniques of thermomechanical analysis and dynamic mechanical
analysis have been added to the chapter on Thermal Analysis.

All major modern atomic absorption and emission techniques and instrumentation
are covered. Appendices with FAAS and GFAAS conditions have been added, and a
new appendix with up-to-date limits of detection for all the atomic spectroscopic tech-
niques is included. Chemical speciation using hyphenated chromatographic-atomic emis-
sion spectroscopy is described as is a novel microwave induced plasma emission
instrument for particle characterization.

Mass spectrometry has been expanded to two chapters and covers both organic and
inorganic MS instrumentation and applications. GC-MS and LC-MS, along with MS"
instruments are described, along with modern ionization methods such as electrospray
and MALDI. Organic mass spectral interpretation is covered with many examples and
new spectra. Organic and inorganic applications focus on speciation using GC-MS, LC-
MS, hyphenated ICP-MS, with emphasis on proteomics, biomolecules, and species of
environmental interest.

In contrast to earlier editions, the subject of chromatographic separations and instru-
mentation is expanded from one to three chapters containing more than twice as much text,
illustrations, exercises, and problems. The first of these chapters covers the nature of the
chromatographic process. A minimum of complex formulas is introduced; instead, exten-
sive description and analogy are employed to give the student an intuitive grasp of the
mechanisms giving rise to separation, resolution, and detection of separated components.
In line with current practice, GC is treated as a method almost completely employing open
tubular (capillary) columns. New developments such as SPME injection, low bleed
stationary phases, compound-selective detectors, and especially interfacing to spectro-
metric detectors and the use of computerized data processing have been added. So-called
“hyphenated techniques” such as GC-MS, GC-IR, and comprehensive GC-GC are
included, and new sections on retention indices, derivitization to improve detectability
and volatility, and analysis of gases in air or water, have been added. The requirements
for implementing and instrumentalizing HPLC are developed from the preceding discus-
sion of GC. The student gains an appreciation of the difficulties that caused this instrumen-
tation to lag behind GC. Once overcome, liquid chromatographic instrumentation is seen
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to have wider applicability, especially in the burgeoning subdisciplines of proteomics and
genomics. Detailed discussions of instrumental design and the operation of new detectors
have been added. Major sections on the design and operation of HPLC interfaces to mass
spectrometers (ESI and APCI) have been added, and examples of their use in protein or
peptide sequencing and identification are included. Tables of amino acid structures and
nomenclature have been included so that students can follow these descriptions. Separate
sections on ion chromatography, affinity chromatography, size exclusion chromatography,
and supercritical fluid chromatography have been expanded. Planar and capillary electro-
phoresis are described in detail in this chapter, despite not being strictly defined as
chromatographic methods. Examples are given of the use of capillary electrophoresis
with fluorescence-derivitization detection to gene sequencing in genomics, or of 2D
slab-gel, isoelectric focusing/SDS-PAGE electrophoresis for protein peptide mapping
in proteomics. New appendices provide links to websites providing examples of thousands
of chromatographic separations, and encourage the student to learn how to utilize the
resources of commercial column vendors to find a solution to particular separation or
measurement problems.

James W. Robinson
Eileen M. Skelly Frame
George M. Frame 11
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1

Concepts of Instrumental Analytical
Chemistry

1.1. INTRODUCTION: WHAT IS ANALYTICAL CHEMISTRY?

Perhaps the most functional definition of analytical chemistry is that it is “the qualitative
and quantitative characterization of matter”. The word “characterization” is used in a
very broad sense. It may mean the identification of the chemical compounds or elements
present in a sample to answer questions such as “Is there any vitamin E in this shampoo
as indicated on the label?” or “Is this white tablet an aspirin tablet?” or “Is this piece of
metal iron or nickel?” This type of characterization, to tell us what is present is called
qualitative analysis. Qualitative analysis is the identification of one or more chemical
species present in a material. Characterization may also mean the determination of
how much of a particular compound or element is present in a sample, to answer ques-
tions such as “How much acetylsalicylic acid is in this aspirin tablet?” or “How much
nickel is in this steel?” This determination of how much of a species is present in a
sample is called quantitative analysis. Quantitative analysis is the determination of
the exact amount of a chemical species present in a sample. The chemical species
may be an element, compound, or ion. The compound may be organic or inorganic.
Characterization can refer to the entire sample (bulk analysis), such as the elemental
composition of a piece of steel, or to the surface of a sample (surface analysis), such
as the identification of the composition and thickness of the oxide layer that forms on
the surface of most metals exposed to air and water. The characterization of a material
may go beyond chemical analysis to include structural determination of materials, the
measurement of physical properties of a material, and the measurement of physical
chemistry parameters like reaction kinetics. Examples of such measurements are the
degree to which a polymer is crystalline as opposed to amorphous, the temperature at
which a material loses its water of hydration, how long it takes for antacid “Brand A”
to neutralize stomach acid, and how fast a pesticide degrades in sunlight. These
diverse applications make analytical chemistry one of the broadest in scope of all scien-
tific disciplines. Analytical chemistry is critical to our understanding of biochemistry,
medicinal chemistry, geochemistry, environmental science, atmospheric chemistry, the
behavior of materials such as polymers, metal alloys, and ceramics, and many other
scientific disciplines.

For many years, analytical chemistry relied on chemical reactions to identify and
determine the components present in a sample. These types of classical methods, often
called “wet chemical methods”, usually required that a part of the sample be taken, dis-
solved in a suitable solvent if necessary and the desired reaction carried out. The most

1
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important analytical fields based on this approach were volumetric and gravimetric
analyses. Acid—base titrations, oxidation—reduction titrations, and gravimetric determi-
nations, such as the determination of silver by precipitation as silver chloride are all
examples of wet chemical analyses. These types of analyses require a high degree of
skill and attention to detail on the part of the analyst if accurate and precise results are
to be obtained. They are also time consuming and the demands of today’s high-throughput
pharmaceutical development labs and industrial quality control labs often do not permit
the use of such time-consuming methods for routine analysis. In addition, it may be
necessary to analyze samples without destroying them. Examples include evaluation of
valuable artwork to determine if a painting is really by a famous “Old Master” or is a
modern forgery, as well as in forensic analysis, where the evidence may need to be pre-
served. For these types of analyses, nondestructive analysis methods are needed, and
wet chemical analysis will not do the job. Wet chemical analysis is still used in specialized
areas of analysis, but many of the volumetric methods have been transferred to automated
instruments. Classical analysis and instrumental analysis are similar in many respects,
such as in the need for proper sampling, sample preparation, assessment of accuracy
and precision, and proper record keeping. Some of the topics discussed briefly in this
chapter are covered at greater length in more general texts on analytical chemistry and
quantitative analysis. Several of these types of texts are listed in the bibliography.

Most analyses today are carried out with specially designed electronic instruments
controlled by computers. These instruments make use of the interaction of electromagnetic
radiation and matter, or of some physical property of matter, to characterize the sample
being analyzed. Often these instruments have automated sample introduction, automated
data processing, and even automated sample preparation. To understand how the instru-
mentation operates and what information it can provide requires knowledge of chemistry,
physics, mathematics, and engineering. The fundamentals of common analytical instru-
ments and how measurements are performed with these instruments are the subjects of
the following chapters on specific instrumental techniques. The analytical chemist must
not only know and understand analytical chemistry and instrumentation, but must also
be able to serve as a problem solver to colleagues in other scientific areas. This means
that the analytical chemist may need to understand materials science, metallurgy,
biology, pharmacology, agricultural science, food science, geology, and other fields.
The field of analytical chemistry is advancing rapidly. To keep up with the advances,
the analytical chemist must understand the fundamentals of common analytical tech-
niques, their capabilities, and their shortcomings. The analytical chemist must understand
the problem to be solved, select the appropriate technique or techniques to use, design the
analytical experiment to provide relevant data, and ensure that the data obtained are valid.
Merely providing data to other scientists is not enough; the analytical chemist must be able
to interpret the data, and communicate the meaning of the results, together with the accu-
racy and precision (the reliability) of the data, to scientists who will use the data. In
addition to understanding the scientific problem, the modern analytical chemist often
must also consider factors such as time limitations and cost limitations in providing an
analysis. Whether one is working for a government regulatory agency, a hospital,
a private company, or a university, analytical data must be legally defensible. It must
be of known, documented quality. Record keeping, especially computer record keeping,
assessing accuracy and precision, statistical handling of data, documenting, and ensuring
that the data meet the applicable technical standards are especially critical aspects of the
job of modern analytical chemists.

Analytical chemistry uses many specialized terms that may be new to you. The
definitions of the terms, usually shown in boldface, must be learned. The units used in this
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text are, for the most part, the units of the Systeme International d’Unités (SI system). The
SI system is used around the world by scientists and engineers. The tables inside the text-
book covers give the primary units of measurement in the SI system. A comprehensive list
of ST units, SI derived units and definitions, as well as non-SI units may be found at the US
National Institute for Standards and Technology website at http: //physics.nist.gov.

Many analytical results are expressed as the concentration of the measured
substance in a certain amount of sample. The measured substance is called the analyte.
Commonly used concentration units include molarity (moles of substance per liter of
solution), weight percent (grams of substance per gram of sample x 100%), and units for
trace levels of substances. One part per million (ppm) by weight is one microgram of
analyte in a gram of sample, that is, 1 x 10~ °® g analyte /g sample. One part per billion
(ppb) by weight is one nanogram of element in a gram of sample or 1 x 107" g
analyte/g sample. For many elements, the technique known as inductively coupled
plasma mass spectrometry (ICP-MS), can detect parts per trillion of the element, that
is, picograms of element per gram of sample (1 x 10~ g analyte/g sample). To give
you a feeling for these quantities, a million seconds is ~12 days (11.57 days, to be
exact). One part per million in units of seconds would be one second in 12 days. A part
per billion in units of seconds would be 1 s in ~32 years, and one part per trillion is
one second in 32,000 years. Today, lawmakers set environmental levels of allowed chemi-
cals in air and water based on measurements of compounds and elements at part per trillion
levels because instrumental methods can detect part per trillion levels of analytes. It is the
analytical chemist who is responsible for generating the data that these lawmakers rely on.
A table of commonly encountered constants, multiplication factors, and their prefixes is
found inside the textbook cover. The student should become familiar with these prefixes,
since they will be used throughout the text.

1.2. THE ANALYTICAL APPROACH

A major personal care products manufacturer receives a phone call from an outraged cus-
tomer whose hair has turned green after using their “new, improved shampoo”. The US
Coast Guard arrives at the scene of an oil spill in a harbor and finds two ship captains
blaming each other for the spill. A plastics company that sells bottles to a water
company bottling “pure crystal clear spring water” discovers that the 100,000 new
empty bottles it is ready to ship are slightly yellow in color instead of crystal clear. A
new, contagious disease breaks out and people are dying of flu-like symptoms. What
caused the problem? How can it be prevented in the future? Who is at fault? Can a
vaccine or drug treatment be developed quickly? These sorts of problems and many
more occur daily around the world, in industry, in medicine, and in the environment. A
key figure in the solution of these types of problems is the analytical chemist. The analyti-
cal chemist is first and foremost a problem solver and to do that, must understand the
analytical approach, the fundamentals of common analytical techniques, their uses, and
their limitations.

The approach used by analytical chemists to solve problems may include the follow-
ing steps:

Defining the problem and designing the analytical method
Sampling and sample storage

Sample preparation

Performing the measurement

bl
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5. Assessing the data
6. Method validation
7. Documentation

General sample preparation will be discussed in this chapter, but instrument-specific
sample preparation is included in the appropriate chapter on each technique. Method vali-
dation and documentation will not be covered as the focus of this text is on instrumentation.
The text by Christian cited in the bibliography has an excellent introduction to validation and
documentation for the interested student.

Although the steps in solving analytical problems usually follow the order listed
above, knowledge of basic statistics is useful not just for handling the data and method
validation but is required for proper sampling and selection of an analytical method.
The statistics and definitions needed to understand what is meant by accuracy, precision,
error, and so on are covered in Section 1.3. Students not familiar with these terms and
concepts may want to read Section 1.3 at this point. Steps (1) and (2) are covered in
this section, while steps (3) through (5) are discussed in the sections following Section 1.3.

1.2.1. Defining the Problem

The analytical chemist must find out what information needs to be known about the
sample, material, or process being studied, how accurate and precise the analytical infor-
mation must be, how much material or sample is available for study, and if the sample
must be analyzed without destroying it. Is the sample organic or inorganic? Is it a pure
material or a mixture? Does the customer want a bulk analysis or information about a par-
ticular fraction of the sample, such as the surface? Does the customer need to know if the
sample is homogeneous or heterogeneous with respect to a given analyte? Does the cus-
tomer need elemental information or information about the chemical species (ionic or mol-
ecular, particular oxidation states) present in the sample? The answers to such questions
will guide the analyst in choosing the analytical method. Of course, sometimes the
answers to some of the questions may be part of the problem. If the sample is an
unknown material, the analyst must find out if it is organic or inorganic, pure or a
mixture, as part of solving the problem. The analyte is the substance to be measured;
everything else in the sample is called the matrix. Of course, there may be more than
one analyte in a given sample. The terms analysis and analyze are applied to the
sample under study, as in “this water was analyzed for nitrate ion” or “an analysis of
the contaminated soil was performed”. Water and soil are the samples being analyzed.
The terms determine and determination are applied to the measurement of the analyte
in the sample, as in “nitrate ion was determined in the water sample”, “a determination
of lead in blood was made because the symptoms indicated lead poisoning”, or “an analy-
sis of the soil was performed and cyanide levels were determined”. Nitrate ion, lead, and
cyanide are the analytes being determined. Other components in the sample matrix may
interfere with the measurement of the analyte; such components are called interferences.

A sample may be homogeneous, that is, it has the same chemical composition
everywhere within the sample. Plain vanilla pudding, a pure milk chocolate bar, and
salt water are examples of homogeneous materials. Many samples are heterogeneous;
the composition varies from region to region within the sample. Vanilla pudding with
raisins in it and a chocolate bar with whole almonds in it are heterogeneous; you can
see the composition difference. In most real samples, the heterogeneity may not be
visible to the human eye. The variation in composition can be random or it can be
segregated into regions of distinctly different compositions.
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A significant part of defining the problem is the decision between performing a
qualitative analysis and a quantitative analysis. Often the problem is first tackled with
a qualitative analysis, followed by a quantitative analysis for specific analytes. The
analyst needs to communicate with the customer who is requesting the analysis. Two-
way communication is important, to be certain that the problem to be solved is understood
and to be sure that the customer understands the capabilities and limitations of the
analysis.

1.2.1.1. Qualitative Analysis

Qualitative analysis is the branch of analytical chemistry that is concerned with questions
such as “What makes this water smell bad?”, “Is there gold in this rock sample?”, “Is this
sparkling stone a diamond or cubic zirconia?”, “Is this plastic item made of polyvinyl
chloride, polyethylene or polycarbonate?”, or “What is this white powder?”

Some methods for qualitative analysis are nondestructive, that is, they provide
information about what is in the sample without destroying the sample. These are often
the best techniques to begin with, because the sample can be used for subsequent
analyses if necessary. To identify what elements are present in a sample nondestructively,
a qualitative elemental analysis method such as X-ray fluorescence spectroscopy (XRF)
can be used. Modern XRF instruments, discussed in Chapter 8, can identify all elements
from sodium to uranium, and some instruments can measure elements from beryllium
to uranium. The sample is usually not harmed by XRF analysis. For example, XRF could
easily distinguish a diamond from cubic zirconia. Diamond is, of course, a crystalline form
of carbon; most XRF instruments would see no elemental signal from the carbon in a
diamond but would see a strong signal from the element zirconium in cubic zirconia, a
crystalline compound of zirconium and oxygen. Qualitative molecular analysis will tell
us what molecules are present in a material. The nondestructive identification of molecular
compounds present in a sample can often be accomplished by the use of nuclear magnetic
resonance (NMR) spectroscopy, discussed in Chapter 3, or by infrared (IR) spectroscopy,
discussed in Chapter 4. IR spectroscopy can provide information about organic functional
groups present in samples, such as alcohols, ketones, carboxylic acids, amines, thioethers,
and many others. If the sample is a pure compound such as acetylsalicylic acid (the active
ingredient in aspirin), the IR spectrum may be able to identify the compound exactly,
because the IR spectrum for a compound is unique, like a fingerprint. Qualitative identi-
fication of polymers for recycling can be done using IR spectroscopy, for example. NMR
gives us detailed information about the types of protons, carbon, and other atoms in
organic compounds and how the atoms are connected. NMR can provide the chemical
structure of a compound without destroying it.

Many methods used for qualitative analysis are destructive, that is, the sample is
consumed during the analysis or must be chemically altered in order to be analyzed.
The most sensitive and comprehensive elemental analysis methods for inorganic analysis
are inductively coupled plasma atomic emission spectrometry (ICP-OES or ICP-AES),
discussed in Chapter 7, and ICP-MS, discussed in Chapters 9 and 10. These techniques
can identify almost all the elements in the periodic table, even when only trace amounts
are present, but often require that the sample be in the form of a solution. If the sample
is a rock or a piece of glass or a piece of biological tissue, the sample usually must be
dissolved in some way to provide a solution for analysis. We will see how this is done
later in the chapter. The analyst can determine accurately what elements are present,
but information about the molecules in the sample is often lost in the sample preparation
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process. The advantage of ICP-OES and ICP-MS is that they are very sensitive; concen-
trations at or below 1 ppb of most elements can be detected using these methods.

If the sample is organic, that is, composed primarily of carbon and hydrogen, quali-
tative analysis can provide chemical and structural information to permit identification of
the compound. The IR spectrum will provide identification of the class of compound, for
example, ketone, acid, ether, and so on. NMR spectroscopy and mass spectrometry (MS),
as we shall see in the appropriate chapters, provide detailed structural information, often
including the molecular weight of the compound. Use of IR, NMR, and MS, combined
with quantitative elemental analysis to accurately determine the percentage of carbon,
hydrogen, oxygen, and other elements, is the usual process by which analytical chemists
identify organic compounds. This approach is required to identify new compounds syn-
thesized by pharmaceutical chemists, for example. In a simple example, elemental analy-
sis of an unknown organic compound might provide an empirical formula of C,Hs. An
empirical formula is the simplest whole number ratio of the atoms of each element present
in a molecule. For any given compound, the empirical formula may or may not coincide
with the molecular formula. A molecular formula contains the total number of atoms of
each element in a single molecule of the compound. The results from IR, NMR, and MS
might lead the analytical chemist to the molecular formula, C4H;q, and would indicate
which of the two different structures shown below was our sample.

H
|
CH;-CH,-CH,-CH;, H;C—C—CH;
|
CH;
n-butane 2-methyl-propane ( or iso-butane)

These two structures are two different compounds with the same molecular formula. They
are called isomers. Elemental analysis cannot distinguish between these isomers, but
NMR and MS usually can distinguish isomers. Another example of a more difficult quali-
tative analysis problem is the case of the simple sugar, erythrose. The empirical formula
determined by elemental analysis is CH,O. The molecular formula, C;HgO,, and some of
the structure can be obtained from IR, NMR, and MS, but we cannot tell from these tech-
niques which of the two possible isomers shown in Fig. 1.1 is our sample.

Mirror Plane
!

CHO CHO
H—C—OH HO—C—H
H—C—OH HO—C—H

CH,0H CH,0OH

D-(-)-Erythrose L-(+)-Erythrose

Figure 1.1 Isomers of erythrose.
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These two erythrose molecules are chiral, that is, they are nonsuperimposable
mirror-image isomers, called enantiomers. (Imagine sliding the molecule on the left
in the plane of the paper, through the “mirror plane” indicated by the arrow, over the
molecule on the right. The OH groups will not be on top of each other. Imagine turning
the left molecule in the plane of the paper upside down and then sliding it to the right;
now the OH groups are lined up, but the CHO and CH,OH groups are not. That is what
is meant by nonsuperimposable. You can do whatever you like to the two molecules
except remove them from the plane of paper; no matter how you move them, they will
not be superimposable.) They have the same molecular formula, C;HgO,, the same IR
spectrum, the same mass spectrum, and the same NMR spectrum, and many of the
same physical properties such as boiling point and refractive index. Such chiral com-
pounds can be distinguished from each other by interaction with something else that pos-
sesses chirality or by interaction with plane-polarized light. Chiral compounds will
interact differently with other chiral molecules, and this interaction forms the basis of
chiral chromatography. Chiral chromatography (Chapter 13) can be used to separate the
two erythrose compounds shown. Chiral compounds also differ in their behavior toward
plane-polarized light, and the technique of polarimetry can be used to distinguish them.
One of the erythrose enantiomers rotates plane-polarized light to the right (clockwise);
this compound is dextrorotatory, and is given the symbol (4) as part of its name. The
other enantiomer rotates the plane of polarization to the left (counterclockwise); this com-
pound is levorotatory, and is given the symbol (—) in its name. Such compounds are said
to be optically active. Chiral compounds are very important because biochemical reactions
are selective for only one of the two structures and only one of the two enantiomers is bio-
logically active. Biochemists, pharmaceutical chemists, and medicinal chemists are very
interested in the identification, synthesis, and separation of only the biologically active
compound. The letters D and L in the name of the sugar refer to the position of the
alcohol group on the carbon closest to the bottom primary alcohol. There is no relationship
between the D and L configuration and the direction of rotation of plane polarized light.
Figure 1.2 shows the simplest sugar, glyceraldehyde. It also has two enantiomers, one
D and one L, but the D enantiomer of glyceraldehyde rotates light in the opposite direction
from D-erythrose.

If organic compounds occur in mixtures, separation of the mixture often must
be done before the individual components can be identified. Techniques such as gas
chromatography, liquid chromatography, and capillary electrophoresis are often used to
separate mixtures of organic compounds prior to identification of the components.
These methods are discussed in Chapters 11-13.

Table 1.1 list some common commercially available instrumental methods of analysis
and summarizes their usefulness for qualitative elemental or molecular analysis. Table 1.2

Mirror Plane
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CHO CHO
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Figure 1.2 Enantiomers of glyceraldehyde.
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Table 1.1 Instrumental Methods of Analysis

Qualitative Quantitative
Method Elemental Molecular Elemental Molecular
Atomic absorption spectrometry No No Yes No
Atomic emission spectrometry Yes No Yes No
Capillary electrophoresis Yes Yes Yes Yes
Electrochemistry Yes Yes Yes Yes
Gas chromatography No Yes No Yes
ICP-mass spectrometry Yes No Yes No
Infrared spectroscopy No Yes No Yes
Ion chromatography Yes Yes Yes Yes
Liquid chromatography No Yes No Yes
Mass spectrometry Yes Yes Yes Yes
Nuclear magnetic resonance No Yes No Yes
Raman spectroscopy No Yes No Yes
Thermal analysis No Yes No Yes
UV/VIS spectrophotometry Yes Yes Yes Yes
UV absorption No Yes No Yes
UV fluorescence No Yes No Yes
X-ray absorption Yes No Yes No
X-ray diffraction No Yes No Yes
X-ray fluorescence Yes No Yes No

gives a very brief summary of the use of the methods. Analyte concentrations that can be
determined by common methods of instrumental analysis are presented in Table 1.3. The
concentration of analyte that can be determined in real samples will depend on the
sample and on the instrument, but Table 1.3 gives some indication of the sensitivity and
working range of methods.

1.2.1.2.  Quantitative Analysis

When qualitative analysis is completed, the next question is often “How much of each or
any component is present?” or “Exactly how much gold is this rock?” or “How much of
the organochlorine pesticide dieldrin is in this drinking water?”” The determination of how
much is quantitative analysis. Analytical chemists express how much in a variety of ways,
but often in terms of concentration, the amount of analyte in a given amount of sample.
Concentration is an expression of the quantity of analyte in a given volume or mass of
sample. Common concentration units include molarity, defined as moles of analyte
per liter of sample and symbolized by M or mol/L; percent by weight, defined as
grams of analyte per gram of sample x 100%, symbolized as % or %w/w; parts per
million, defined as micrograms of analyte per gram of sample (ppm, pg/g); and others.
For dilute aqueous solutions, one milliliter of solution has a mass of one gram (because
the density of water is 1 g/mL), so solution concentrations are often expressed in terms
of volume. A part per million of analyte in dilute aqueous solution is equal to one micro-
gram per milliliter of solution (pg/mL), for example.

The first quantitative analytical fields to be developed were for quantitative elemen-
tal analysis, which revealed how much of each element was present in a sample. These
early techniques were not instrumental methods, for the most part, but relied on
chemical reactions, physical separations, and weighing of products (gravimetry), titrations
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Table 1.2 Principal Applications of Instrumental Methods of Analysis

Molecular Analysis

Nuclear magnetic resonance spectroscopy (NMR)

Qualitative analysis: NMR is one of the most powerful methods available for determining the
structure of molecules. It identifies the number and type of protons and carbon atoms in organic
molecules, e.g., distinguishes among aromatic, aliphatic, alcohols, aldehydes, etc. Most
importantly, it also reveals the positions of the nuclei in the molecule relative to each other. For
example, NMR will distinguish between CH;—CH,—CH,0OH and CH;—CHOH—CHj3;. It does
not provide the molecular weight of the compound. NMR is also applied to compounds containing
heteroatoms such as sulfur, nitrogen, fluorine, phosphorus, and silicon.

Quantitative analysis: NMR is useful at % concentration levels, but trace levels (ppm) are becoming
attainable with reasonable accuracy.

Infrared spectroscopy (IR) and Raman spectroscopy

Qualitative analysis: IR readily identifies organic functional groups present in molecules including
groups containing heteroatoms—O, S, N, Si, halides. The IR spectrum is a fingerprint for a given
compound, making it a very useful qualitative method. IR spectroscopy cannot be done on
aqueous solutions. It does not give the molecular weight of the compound or structural
information. Raman spectroscopy complements IR spectroscopy and is useful for aqueous
samples.

Quantitative analysis: IR is used routinely for the quantitative analysis of organic compounds,
particularly at % concentration levels. It is used mostly for liquid samples. The related field of
Raman spectroscopy complements IR. Application of IR spectroscopy to gas samples is limited by
lack of sensitivity.

Ultraviolet (UV) absorption spectroscopy
Qualitative analysis: UV absorption can be used for identifying functional groups and the structures
of molecules containing unsaturated bonds (7 electrons), such as

H H H H
N Ll
C=C—C=C
/ AN
H H

and aromatics and lone-pair electrons, such as those in pyridine:

4

N\

N

lone pair

It does not indicate molecular weight or give useful information on saturated bonds (o bonds).
NMR and IR have almost entirely replaced UV absorption spectroscopy for organic compound
identification.

Quantitative analysis: UV absorption is used routinely for the quantitative determination of
unsaturated compounds such as those found in natural products. The method is subject to spectral
overlap and therefore interference from other compounds in the sample.

UV fluorescence

Qualitative analysis: UV fluorescence is used for the determination of unsaturated compounds,
particularly aromatics. It does not indicate molecular weight, but gives some indication of the
functional groups present. It is much more sensitive than UV absorption.

(continued)
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Table 1.2 Continued

Quantitative analysis: UV fluorescence is a very sensitive method of analysis (10 g /g or 10 ppb),
but it is subject to many kinds of interference, both from quenching effects and from spectral
overlap from other compounds.

UV and visible (UV/VIS) spectrophotometry

Qualitative analysis: Organic or inorganic reagents are used for specific tests for many elements or
compounds by forming a compound that absorbs at specific wavelengths. The products may or
may not be colored. If the compounds are colored, analysis may be carried out visually
(colorimetric analysis by eye) but use of a spectrometer is more accurate.

Quantitative analysis: Sensitive and selective methods have been developed for most elements and
many functional groups. It is used extensively in routine analysis of water, food, beverages,
industrial products, etc.

X-ray diffraction (XRD)

Qualitative analysis: XRD is used for the measurement of crystal lattice dimensions and to identify
the structure and composition of all types of crystalline inorganic and organic materials.

Quantitative analysis: XRD is used for the determination of percent crystallinity in polymers, the
composition of mixtures, mixed crystals, soils, and natural products.

X-ray absorption spectroscopy

Qualitative analysis: X-ray absorption reveals the contours and location of high atomic weight elements
in the presence of low atomic weight matrixes or holes in the interior of solid samples (voids).
Examples are bone locations in the human body, the contents of closed suitcases, old paintings hidden
under new painting on a canvas, and voids in welded joints and opaque solid objects.

Organic mass spectrometry (MS)

Qualitative analysis: MS can be used to identify the molecular weight of organic and inorganic
compounds, from very small molecules to large polymers and biological molecules
(>100,000 Da). MS is a powerful tool in the determination of the structure of organic compounds.
Fragmentation patterns can reveal the presence of substructure units within the molecule.

Quantitative analysis: MS is used extensively for the quantitative determination of the organic
components of liquid and gas samples. Solid samples can be analyzed using laser ablation.

Thermal analysis (TA)

Qualitative analysis: TA is used to identify inorganic and some organic compounds using very small
quantities of sample. It is also used to identify phase changes, chemical changes on heating, heats
of fusion, melting points, boiling points, drying processes, decomposition processes, and the
purity of compounds.

Quantitative analysis: Thermal analysis can be used for the quantitative determination of the
components of an inorganic sample, particularly at high concentration levels.

Gas chromatography (GC)

Qualitative analysis: GC can be used to separate the components of complex mixtures of gases or of
volatile compounds. By comparison with known standards, it can identify components based on
retention time.

Quantitative analysis: Gas chromatography is an accurate method for quantitative analysis based on
the area of the peak and comparison with standards. It is used extensively in organic, environmental,
clinical and industrial analysis. GC with MS detection (GC-MS) is a routine and powerful tool for
quantitative analysis of organic compounds in environmental and biological samples.

Liquid chromatography (LC, HPLC)

Qualitative analysis: LC is used for the identification of components of liquid mixtures, including
polar compounds, ions, high molecular weight components and thermally unstable compounds.
Identification is based on retention time and comparison with standards.

(continued)
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Table 1.2 Continued

Quantitative analysis: LC is used for the quantitative determination of components in mixtures,
especially for high molecular weight or thermally unstable compounds. It is particularly useful for
separating complicated mixtures such as natural products derived from plants or animals and
biological samples such as urine and blood. Ion chromatography is used routinely in water
analysis. LC with MS detection (LC-MS) is a routine and powerful tool for quantitative analysis of
organic compounds in environmental and biological samples.

Capillary electrophoresis (CE)

Qualitative analysis: Used for the separation and identification of ions and neutral molecules in
mixtures. Can be used for ions in aqueous solution and for organic ions.

Quantitative analysis: Quantitative determination of ions can be accomplished following separation,
as in IC and LC.

Elemental Analysis

Atomic emission spectrometry (AES, OES)

Qualitative analysis: AES is an almost comprehensive methods for qualitative elemental analysis for
metals, metalloids, and nonmetals with the exception of some of the permanent gases. Its sensitivity
range is great, varying from parts per billion to percent levels. Many elements can be detected
simultaneously. Spectral overlap is the major limitation.

Quantitative analysis: AES is used extensively for the quantitative determination of elements in
concentrations from % levels down to ppb. Liquids, slurries, and solids can be analyzed using
the appropriate atomization source.

Flame photometry (flame atomic emission spectrometry)

Qualitative analysis: Flame photometry is particularly useful for the determination of alkali
metals and alkaline-earth metals. It provides the basis for flame tests used in qualitative
analysis schemes.

Quantitative analysis: Flame photometry is used for the quantitative determination of alkaline metals
and alkaline-earth metals in blood, serum, and urine in clinical laboratories. It provides much
simpler spectra than those found in other types of atomic emission spectrometry, but its sensitivity
is much reduced.

Atomic absorption spectrometry

Qualitative analysis: Atomic absorption spectrometry is not used routinely for qualitative analysis,
since with most instruments it is only possible to test for one element at a time.

Quantitative analysis: Atomic absorption spectrometry is a very accurate and sensitive method for
the quantitative determination of metals and metalloids down to absolute amounts as low as
picograms for some elements. It cannot be used directly for the determination of nonmetals.

X-ray fluorescence (XRF)

Qualitative analysis: X-ray fluorescence is useful for elements with atomic numbers greater than 4,
including metals and nonmetals. For qualitative analysis, no sample preparation is required and
the method is generally nondestructive.

Quantitative analysis: XRF is used extensively for quantitative determination of elements in alloys
and mineral samples, particularly of elements with high atomic weights. Sample preparation is
complex for quantitative analysis.

Inorganic mass spectrometry (MS)

Qualitative analysis: Inorganic MS can identify elements, isotopes and polyatomic ions in solutions
and solid samples.

Quantitative analysis: Inorganic MS can determine elements at ppt concentrations or below.
Inorganic MS is used for simultaneous multielement analysis for metals and nonmetals. Inorganic
MS provides the isotope distribution of the elements. Special mass spectrometers are used for
accurate isotope ratio measurements used in geology and geochemistry.
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Table 1.3 Analytical Concentration Ranges for Common Instrumental Methods

Trace
Ultratrace (1 ppm-— Minor Major
Technique Destructive (<1 ppm) 0.1%) (0.1-10%) (>10%)
X-ray diffraction No No No Yes Yes
Nuclear magnetic resonance No No Yes Yes Yes
X-ray fluorescence No No Yes Yes Yes
Infrared spectroscopy No No Yes Yes Yes
Raman spectroscopy No No Yes Yes Yes
UV/VIS spectrometry No No Yes Yes Yes
Colorimetry No Yes Yes Yes No
Molecular fluorescence No Yes Yes Yes Yes
spectrometry
Atomic absorption Yes Yes Yes Yes No
spectrometry
Atomic emission Yes Yes Yes Yes Yes
spectrometry
Atomic fluorescence Yes Yes Yes No No
spectrometry
ICP-mass spectrometry Yes Yes Yes Yes No
Organic mass spectrometry Yes Yes Yes Yes Yes
GC-MS Yes Yes Yes Yes Yes
LC-MS Yes Yes Yes Yes Yes
Potentiometry No Yes Yes Yes Yes
Voltammetry No Yes Yes Yes Yes
Gas chromatography May be Yes Yes Yes Yes
High performance May be Yes Yes Yes Yes
liquid chromatography
Ion chromatography May be Yes Yes Yes Yes
Capillary electrophoresis No Yes Yes Yes Yes
Thermal analysis Yes No No Yes Yes

Note: The destructive nature of the instrumental method is characterized. A sample may be destroyed by a non-
destructive instrumental method, depending on the sample preparation required. The chromatographic techniques
may be destructive or nondestructive, depending on the type of detector employed. The nondestructive detectors
generally limit sensitivity to “trace”. Molecular fluorescence is not destructive if the molecule is inherently
fluorescent. It may be if the molecule requires derivatization. A method with “yes” for ultratrace and “no” for
major concentrations reflects linear working range. Such methods can measure “majors” if the sample is
diluted sufficiently.

(titrimetry or volumetric analysis), or production of colored products with visual esti-
mation of the amount of color produced (colorimetry). Using these methods, it was
found, for example, that dry sodium chloride, NaCl, always contained 39.33% Na and
60.67% Cl. The atomic theory was founded on early quantitative results such as this, as
were the concept of valency and the determination of atomic weights. Today, quantitative
inorganic elemental analysis is performed by atomic absorption spectrometry (AAS),
atomic emission spectrometry of many sorts, inorganic mass spectrometry such as ICP-MS,
XREF, ion chromatography, and other techniques discussed in detail in later chapters.

In a similar fashion, quantitative elemental analysis for carbon, hydrogen, nitrogen,
and oxygen enabled the chemist to determine the empirical formulas of organic com-
pounds. An empirical formula is the simplest whole number ratio of the atoms of each
element present in a molecule. For any given compound, the empirical formula may or
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may not coincide with the molecular formula. A molecular formula contains the total
number of atoms of each element in a single molecule of the compound. For example,
ethylene and cyclohexane have the same empirical formula, CH,, but molecular formulas
of C,H,4 and C¢H,, respectively. The empirical formula of many sugars is CH,O, but the
molecular formulas differ greatly. The molecular formula of glucose is CgH;,0¢, fructose
is C¢H 2O, erythrose is C4HgOy,, and glyceraldehyde is C3HgO3. An example of a mol-
ecule whose empirical formula is the same as the molecular formula is tetrahydrofuran
(THF), an important organic solvent. The molecular formula for THF is C4HgO; there
is only one oxygen atom, so there can be no smaller whole number ratio of the atoms.
Therefore, C4HgO is also the empirical formula of THF.

Empirical formulas of organic compounds were derived mainly from combustion
analysis, where the organic compound is heated in oxygen to convert all of the carbon
to CO, and all of the hydrogen to H,O. The CO, and H,O were collected and weighed
or the volume of the gas was determined by displacement of liquid in a measuring
device. To distinguish between butane, C4H;o, which contains 82.76% C and 17.24% H
and pentane, CsH;,, which contains 83.33% C and 16.66% H required great skill using
manual combustion analysis. Today, automated analyzers based on combustion are used
for quantitative elemental analysis for C, H, N, O, S, and the halogens in organic com-
pounds. These analyzers measure the evolved species by gas chromatography (GC), IR,
or other techniques. These automated analyzers require only microgram amounts of
sample and a few minutes to provide data and empirical formulas that used to take
hours of skilled analytical work. Quantitative elemental analysis cannot distinguish
between isomers, which are compounds with the same molecular formula but different
structures. Glucose and fructose have the same molecular formula, but glucose is a
sugar with an aldehyde group in its structure, while fructose is a sugar with a ketone
group in its structure. They cannot be distinguished by elemental analysis, but are
easily distinguished by their IR and NMR spectra.

Quantitative molecular analysis has become increasingly important as the fields of
environmental science, polymer chemistry, biochemistry, pharmaceutical chemistry,
natural products chemistry, and medicinal chemistry have grown explosively in the past
10 years. Techniques such as GC, liquid chromatography or high-performance liquid
chromatography (LC or HPLC), capillary electrophoresis (CE), MS, fluorescence spec-
trometry, IR, and X-ray diffraction (XRD) are used to determine the amount of specific
compounds, either pure or in mixtures. These techniques have become highly automated
and extremely sensitive, so that only micrograms or milligrams of sample are needed in
most cases. The chromatography techniques, which can separate mixtures, have been
“coupled” to techniques like MS, which can identify and quantitatively measure the
components in a mixture. Such techniques, like GC-MS and LC-MS, are called hyphe-
nated techniques. Many hyphenated instruments are commercially available. These
types of instruments for use in the pharmaceutical industry have been designed to
process samples in very large batches in a completely automated fashion. The instruments
will analyze the samples, store the data in computer files, “pattern-match” the spectra to
identify the compounds, and calculate the concentrations of the compounds in the
samples. Even then, more than one instrument is required to keep up with the need for
characterization of potential drug candidates. As an example, one research department
in a major pharmaceutical company bought its first LC-MS in 1989. By 1998, that one
department had more than 40 LC-MS instruments running on a daily basis to support
drug metabolism studies alone.

Instrumental methods differ in their ability to do quantitative analysis; some methods
are more sensitive than others. That is, some methods can detect smaller amounts of a given
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analyte than other methods. Some methods are useful for wide ranges of analyte concen-
trations; other methods have very limited ranges. We will discuss the reasons for this in
the chapters on the individual techniques, but Table 1.3 shows the approximate useful con-
centration ranges for common instrumental techniques. Table 1.3 is meant to serve as a
guide; the actual sensitivity and useful concentration range (also called the working
range) of a technique for a specific analysis will depend on many factors.

1.2.2. Designing the Analytical Method

Once the problem has been defined, an analytical procedure, or method, must be designed to
solve the problem. The analytical chemist may have to design the method to meet certain
goals, such as achieving a specified accuracy and precision, using only a limited amount
of sample, or performing the analysis within a given cost limit or “turnaround time”.
Turnaround time is the time elapsed from receipt of a sample in the lab to delivery of the
results to the person who requested the analysis. This length of time may need to be very
short for clinical chemistry laboratories providing support to hospital emergency rooms,
for example. A common goal for modern analytical procedures is that they are “green
chemistry” processes, that is, that the solvents used are of low toxicity or biodegradable,
that waste is minimized, and that chemicals used in the analysis are recycled when possible.

Designing a good analytical method requires knowing how to obtain a representa-
tive sample of the material to be analyzed, how to store or preserve the sample until analy-
sis, and how to prepare the sample for analysis. The analyst must also know how to
evaluate possible interferences and errors in the analysis and how to assess the accuracy
and precision of the analysis. These topics will be discussed subsequently and specific
interferences for given instrumental methods are discussed in the following chapters.

There are many analytical procedures and methods that have been developed and pub-
lished for a wide variety of analytes in many different matrices. These methods may be
found in the chemical literature, in journals such as Analytical Chemistry, The Analyst,
Analytical and Bioanalytical Chemistry (formerly Fresenius’ Journal of Analytical Chem-
istry), Talanta, and in journals which focus on specific analytical techniques, such as
Applied Spectroscopy, Journal of Separation Science (formerly Journal of High Resolution
Chromatography), Journal of the American Society for Mass Spectrometry, Thermochimica
Acta, and many others. Compilations of “standard” methods or “official” methods have been
published by government agencies such as the US Environmental Protection Agency (EPA)
and private standards organizations such as the American Association of Official Analytical
Chemists (AOAC), the American Society for Testing and Materials (ASTM), and the
American Public Health Association (APHA), among others. Similar organizations and
official methods exist in many other countries. These standard methods are methods that
have been tested by many laboratories and have been found to be reproducible, with
known accuracy and precision. The bibliography lists several of these books on analytical
methods. It is always a good idea to check the chemical literature first, so that you don’t
waste time designing a procedure that already exists.

If there are no methods available, then the analytical chemist must develop a method
to perform the analysis. For very challenging problems, this may mean inventing entirely
new analytical instruments or modifying existing instruments to handle the task.

The design of the method also requires the analyst to consider how the method will
be shown to be accurate and precise. This requires knowledge of how we assess accuracy
and precision, discussed in Section 1.3. The analyst must evaluate interferences. Interfer-
ence is anything that (1) gives a response other than the analyte itself or (2) that changes
the response of the analyte. Interferences may be other compounds or elements present in
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the sample, or that form on degradation of the sample. Interfering compounds or elements
may respond directly in the instrumental measurement to give a false analyte signal, or
they may affect the response of the analyte indirectly by enhancing or suppressing the
analyte signal. Examples will be given in the chapters for each instrumental technique.
The analyst must demonstrate that the method is reliable and robust. These will be
covered in greater detail in Sections 1.5 and 1.6.

There are some fundamental features that should be part of every good analytical
method. The method should require that a blank be prepared and analyzed. A blank is
used to ascertain and correct for certain interferences in the analysis. In many cases, more
than one type of blank is needed. One type of blank solution may be just the pure solvent
used for the sample solutions. This will ensure that no analyte is present in the solvent
and allows the analyst to set the baseline or the “zero point” in many analyses. A reagent
blank may be needed; this blank contains all of the reagents used to prepare the sample
but does not contain the sample itself. Again, this assures the analyst that none of the reagents
themselves contribute analyte to the final reported value of analyte in the sample. Sometimes
a matrix blank is needed; this is a blank that is similar in chemical composition to the
sample but without the analyte. It may be necessary to use such a blank to correct for an over-
lapping spectral line from the matrix in atomic emission spectrometry, for example.

All instrumental analytical methods except coulometry (Chapter 15) require cali-
bration standards, which have known concentrations of the analyte present in them.
These calibration standards are used to establish the relationship between the analytical
signal being measured by the instrument and the concentration of the analyte. Once this
relationship is established, unknown samples can be measured and the analyte concen-
trations determined. Analytical methods should require some sort of reference standard
or check standard. This is also a standard of known composition with a known concen-
tration of the analyte. This check standard is not one of the calibration standards and
should be from a different lot of material than the calibration standards. It is run as a
sample to confirm that the calibration is correct and to assess the accuracy and precision
of the analysis. Reference standard materials are available from government and private
sources in many countries. Government sources include the National Institute of Standards
and Technology (NIST) in the US, the National Research Council of Canada (NRCC), and
the Laboratory of the Government Chemist in the UK.

1.2.3. Sampling

The most important single step in an analysis is collecting the sample of the material to
be analyzed. Real materials are usually not homogeneous, so the sample must be
chosen carefully to be representative of the real material. A representative sample is
one that reflects the true value and distribution of the analyte in the original material. If
the sample is not taken properly, no matter how excellent the analytical method or how
expert the analyst, the result obtained will not provide a reliable characterization of the
material. Other scientists, law enforcement officials, and medical professionals often
collect samples for analysis, sometimes with no training in how to take a proper
sample. The analytical chemist ideally would be part of the team that discusses collection
of samples before they are taken, but in reality, samples often “show up” in the lab. It is
important that the analyst talks with the sample collector before doing any analyses; if the
sample has been contaminated or improperly stored, the analysis will be not only a waste
of time, but can also lead to erroneous conclusions. In clinical chemistry analysis, this
could lead to a misdiagnosis of a disease condition; in forensic analysis, this could lead
to a serious miscarriage of justice, for example.
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The amount of sample taken must be sufficient for all analyses to be carried out
in duplicate or triplicate, if possible. Of course, if only a small quantity of sample is
available, as may be the case for forensic samples from a crime scene or rocks brought
back from the moon, the analyst must do the best job possible with what is provided.

A good example of the problems encountered in sampling real materials is collecting
a sample of a metal or metal alloy. When a molten metal solidifies, the first portion of solid
to form tends to be the most pure (remember freezing point depression from your general
chemistry class?). The last portion to solidify is the most impure and is generally located in
the center or core of the solidified metal. It is important to bear this in mind when sampling
solid metals. A sample is often ground from a representative cross-section of the solid, or a
hole is drilled through a suitable location and the drillings mixed and used as the sample.

Samples have to be collected using some type of collection tool and put into some type
of container. These tools and containers can often contaminate the sample. For example,
stainless steel needles can add traces of metals to blood or serum samples. Metal spatulas,
scissors and drill bits, glass pipets, filter paper, and plastic and rubber tubing can add
unwanted inorganic and organic contaminants to samples. To avoid iron, nickel and chro-
mium contamination from steel, some implements like tongs and tweezers can be purchased
with platinum or gold tips.

The discussion of sampling which follows refers to the traditional process of collect-
ing a sample at one location (often called “collection in the field”) and transporting the
sample to the laboratory at a different location. Today it is often possible to analyze
samples in situ or during the production of the material (on-line or process analysis)
with suitable instrumental probes, completely eliminating the need for “collecting” a
sample. Examples of on-line analysis will be discussed in later chapters.

The process of sampling requires several steps, especially when sampling bulk
materials such as coal, metal ore, soil, grain and tank cars of oil or chemicals. First a
gross representative sample is gathered from the lot. The lot is the total amount of material
available. Portions of the gross sample should be taken from various locations within the
lot, to ensure that the gross sample is representative. For very large lots of solid material
such as coal or ore, the long pile and alternate shovel method can be used. The material is
formed into a long rectangular pile. It is then separated into two piles by shoveling material
first to one side and then to the other, creating two piles. One pile is set aside. The remain-
ing pile may be reduced in size by repeating the process, until a sample of a size to be sent
to the laboratory remains. The cone and quarter method is also used to collect a gross
sample of solid materials. The sample is made into a circular pile and mixed well. It is
then separated into quadrants. A second pile is made up of two opposite quadrants, and
the remainder of the first pile discarded. This process is shown in Fig. 1.3. This process
can be repeated until a sample of a suitable size for analysis is obtained. This sample

Discard opposite quarters

——-
Side view Smaller cone
Top view

Figure 1.3 The cone and quarter method of sampling bulk materials.
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can still be very large. Ferroalloys, for example, are highly segregated (i.e., inhomogeneous)
materials; it is not uncommon for the amount required for a representative sample of alloy in
pieces about 2 in. in diameter to be one ton (0.9 Mg) of material from the lot of alloy.

A computer program that generates random numbers can choose the sampling
locations and is very useful for environmental and agricultural sampling. If the lot is a
field of corn, for example, the field can be divided into a grid, with each grid division
given a number. The computer program can pick the random grid divisions to be
sampled. Then a smaller, homogeneous laboratory sample is prepared from the gross com-
posite sample. If the sample is segregated (i.e., highly inhomogeneous), the representative
sample must be a composite sample that reflects each region and its relative amount. This
is often not known, resulting in the requirement for very large samples. The smaller lab-
oratory sample may be obtained by several methods, but must be representative of the lot
and large enough to provide sufficient material for all the necessary analyses. After the
laboratory sample is selected, it is usually split into even smaller fest portions. Multiple
small test portions of the laboratory sample are often taken for replicate analyses and
for analysis by more than one technique. The term aliquot is used to refer to a quantitative
amount of a dissolved test portion; for example, a 0.100 g test portion of sodium chloride
may be dissolved in water in a volumetric flask to form 100.0 mL of test solution. Three
10.0 mL aliquots may be taken with a volumetric pipet for triplicate analysis for chloride
using an ion selective electrode, for example.

As the total amount of the sample is reduced, it should be broken down to succes-
sively smaller pieces by grinding, milling, chopping, or cutting. The one ton sample of
ferroalloy, for example, must be crushed, ground, and sieved many times. During the
process, the sample size is reduced using a sample splitter called a riffle. After all this
and then a final drying step, a 1 Ib (454 g) sample remains. The sample must be mixed
well during this entire process to ensure that it remains representative of the original.
The grinding equipment used must not contaminate the sample. For example, boron
carbide and tungsten carbide are often used in grinding samples because they are very
hard materials, harder than most samples. However, they can contribute boron or tungsten
to the ground sample, so would not be used if boron or tungsten must be measured
at low concentrations. Zirconium oxide ball mills can contribute Zr and Hf to a sample.
Stainless steel grinders are a source of Fe, Cr, and Ni. Some cutting devices use organic
fluids as lubricants; these must be removed from the sample before analysis.

It is also possible for the grinding or milling step to cause erroneously low results
for some analytes. Malleable metals like gold may adhere to the grinding or milling
surface and be removed from the sample in the process, an undesirable effect. An
example of sampling a segregated material with a problematic component like gold is
illustrated in Fig. 1.4. The rectangular piece at the top is a hypothetical piece of gold-
bearing quartz. The gold is represented as the dark flecks. You can see that the gold
appears in bands within the quartz, separated by bands of pure quartz (the white area).
If the rock is crushed to Size I, the gold particles have not been liberated from the
quartz; some pieces have gold flecks and many large pieces are pure quartz. At this
size, it is difficult to remove a sample of the rock pieces and expect it to be
representative. If the rock is crushed to a smaller size, Size II, it is evident that a rep-
resentative small sample can be obtained. If the rock is crushed to Size III, the gold
particles are freed from the quartz matrix. If this sample could be mixed perfectly, a
smaller sample could be taken to represent the whole than the sample needed at Size
II. (Why would this be desirable? The smaller the analytical sample, the less gold is
used up by analysis. This is an important consideration with valuable analytes and valu-
able samples.) But the gold particles and the quartz particles have different densities,
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Figure 1.4 Sampling of a segregated material with a problematic component like gold. Extracted,
with permission, from Dulski, T.R., Copyright ASTM International, 100 Barr Harbor Drive,
West Conshohocken, PA 19428.

different shapes, and will be difficult to mix well. As mentioned, gold is soft and
malleable. If it is broken out of the quartz it may become embedded in the grinder or
smeared onto surfaces in the grinding equipment, so some gold may actually be lost
from the sample particles ground to Size III. Size II will give a more representative
sample than either of the other sizes.

Sampling procedures for industrial materials, environmental samples, and biological
samples are often agreed upon, or standardized, by industry, government, and professional
societies. Standard sampling procedures help to ensure that the samples analyzed are repre-
sentative and are not contaminated or changed during the sampling process. Standard
sampling procedures for many materials can be found in the Annual Book of ASTM Stan-
dards, for example. Sampling procedures for soil, water, and air are established by the US
EPA in the United States, and similar government organizations in other countries.
Procedures for sampling of water and wastewater can be found in Standards Methods
for the Analysis of Water and Wastewater; the AOAC publishes procedures for food pro-
ducts. The bibliography provides some examples of these publications. A good analytical
chemist will consult the literature before sampling an unfamiliar material. Some general
guidelines for sampling different classes of materials are discussed here.

1.2.3.1. Gas Samples

Gas samples are generally considered homogeneous, but gas mixtures may separate into
layers of differing density. Samples that have been collected and allowed to settle will
need to be stirred before a portion is taken for analysis. Gas samples can be taken at a
single point in time (called a grab sample) or can be collected over a period of time or
from different locations to provide an average or composite sample. Gas samples can
be collected using gas-tight syringes, balloons, plastic bags, or containers made of
metal or glass that can be evacuated. Sampling of toxic, flammable, or corrosive gases
should be done with great care using appropriate safety equipment.

The containers used to collect the samples must not contaminate the sample with
analyte. Plastic bags and balloons may leach volatile organic compounds into the gas
sample, while glass may adsorb components of the sample onto the surface of the glass.
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Certain components of gas samples, such as organic vapors in air, may be collected by
pulling the air through activated charcoal. The organic gases are adsorbed onto the charcoal,
while the majority of the air (oxygen, nitrogen, etc.) passes through. This has the advantage
of preconcentrating the analytes of interest and reducing the physical size of the sample.
Many liters of air can be pulled through an activated charcoal bed that is no bigger than a
ballpoint pen. It is much easier to transport the analytes trapped on the charcoal to the lab-
oratory than to transport hundreds of liters of air. The process of trapping an analyte out
of the gas phase is called “scrubbing”. Scrubbing a gas sample can also be done by bubbling
the gas through a liquid that will absorb the analytes of interest.

Gas samples may contain particles of solid material that need to be removed by
filtration. The filter material must be chosen so that it does not adsorb analytes or add
contaminants to the gas. Filters are available which will remove particles as small as
0.2 pm in diameter from a gas stream.

1.2.3.2.  Liquid Samples

Liquid samples can also be collected as grab samples or as composite samples. Sampling
liquids can be quite difficult; it is not always as straightforward as “pouring some” out of a
bottle or dipping a bucket into a fluid. Only a few comments with respect to general
sampling of liquids can be made here. It is usual to stir liquid samples adequately to
obtain a representative sample; however, there may be occasions when stirring is not
desired. If the analyst is only interested in identifying an oily layer floating on water,
stirring the sample is not needed; the oily layer may be pulled off with a pipet or an
eyedropper, for example. Samples must be collected at locations remote from sources of
contamination if a representative sample is desired. For example, if a sample of
“normal” river water is desired, the sample should be collected away from riverbanks,
floating froth, oil, and discharges from industrial and municipal waste treatment sites.
Sampling of rivers, lakes, and similar bodies of water may require samples from different
depths or different distances from shore. Such samples may be analyzed individually or
blended to obtain an average composition.

Liquid samples may contain particles of solid material that need to be removed by
filtration or centrifugation. The filter material must be chosen so that it does not adsorb
analytes or contaminate the liquid. Some samples that are mostly liquid contain suspended
solid material; orange juice and liquid antacids are examples. In these types of samples, the
liquid and its associated solids may need to be sampled for analysis without removing the
solids. It may be difficult to obtain a representative sample from these suspensions; a stan-
dard sampling procedure is needed to ensure that results can be compared from one day to
the next. Liquid samples may consist of more than one layer because they contain two or
more immiscible liquids. Examples include samples of oil and water from an oil spill at
sea, oil and vinegar salad dressing, or cream at the top of a bottle of milk. The layers may
need to be emulsified to provide a representative sample, but it may be more useful to
sample each layer separately.

Sampling of hot molten materials such as metals, alloys, and glasses is a form of
liquid sampling, but one requiring very specialized equipment and techniques.

1.2.3.3.  Solid Samples

Solid samples are often the most difficult to sample because they are usually less
homogeneous than gases or liquids. Large amounts of solid sample cannot be
conveniently “stirred up”. Moreover, unlike the situation with fluids, there are no diffusion
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or convection currents in solids to ensure mixing. Solids must often be ground or drilled or
crushed into smaller particles to homogenize the sample. There are many types of manual
and automated grinders and crushers available; the choice depends on the hardness of the
material to be ground. Soft materials also pose a challenge in grinding because they often
just deform instead of being reduced in size. Polymer pellets may be ground in an electric
coffee grinder with a small amount of liquid nitrogen added to the grinder. The liquid
nitrogen freezes the polymer, making the pellets brittle and capable of being easily pow-
dered. Other soft solids such as foods can be handled the same way. Many solid materials
must be oven-dried before sampling to remove adsorbed water in order to obtain a rep-
resentative sample. There are numerous published standard methods for sampling solid
materials such as cement, textiles, food, soil, ceramics, and other materials. Examples
of the wide variety of analytical pulverizing, grinding, and blending equipment available
can be found at the SpexCertiprep website at www.spexcsp.com.

1.2.4. Storage of Samples

When samples cannot be analyzed immediately, they must be stored. The composition of a
sample may change during storage because of reactions with air, light, or interaction with
the container material. The container used for collection and storage of the sample and the
storage conditions must be chosen to minimize changes in the sample.

Plastic containers may leach organic components such as plasticizers and monomers
into a sample. Plastic containers may also introduce trace metal impurities such as Cu, Mn,
or Pt from the catalysts used to make the polymer or elements such as Si, Ti, Sb, Br, and P
from inorganic fillers and flame-retardants. Glass surfaces both adsorb and release trace
levels of ionic species, which can dramatically change the trace element and trace ion
concentrations in solutions. It has been observed that trace metals will “plate out” of sol-
ution along strain lines in glass. Such strain lines are not reproducible from one container
to another; therefore the loss of trace metals cannot be estimated accurately for one con-
tainer by measuring the loss in a similar but different container. All containers require
appropriate cleaning before use. Containers for organic samples are usually washed in
solvent, while containers for samples for trace metals analysis are soaked in acid and
then in deionized water.

Precautions such as freezing biological and environmental samples or displacing
the air in a container by an inert gas will often extend the storage life of a sample.
Samples should not be stored any longer than is absolutely necessary prior to analysis
and should not be stored under conditions of high heat or high humidity. Some samples
require storage in the dark to avoid photolytic (light-induced) changes in composition;
water samples to be analyzed for silver are a good example. Such samples must be
stored in dark plastic bottles to avoid the photolytic formation of colloidal silver, which
will precipitate out of the sample. Many samples for environmental analysis require the
addition of preservatives or adjustment of pH to prevent the sample from deteriorating.
Water samples for trace metals determinations must be acidified with high purity nitric
acid to keep the trace metals in solution, for example. Blood samples often require collec-
tion in tubes containing an anticoagulant to keep the blood sample fluid, but the anti-
coagulant must not interfere in the analysis. For example, a sample collected to measure
a patient’s sodium level cannot be collected in a tube that contains the sodium salt of
ethylenediamminetetraacetic acid (EDTA) as the anticoagulant. Other biological samples
may need to be collected in sterile containers.

Sample containers must be labeled accurately and in such a way that the label does
not deteriorate on storage; do not use water-soluble marking pen on samples to be put in a
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freezer, for example. The label should clearly identify the sample and any hazards associ-
ated with the sample. Many analytical laboratories have computer-based sample tracking
systems that generate adhesive bar coded labels for samples, exactly like the bar codes
used on retail items in stores. These computer-based systems are called Laboratory
Information Management Systems (LIMS) and catalog and track not only the samples
but also the analytical data generated on the samples.

As a student, you should get into the habit of labeling all your containers in the lab-
oratory with your name, date, and the contents. There is nothing worse than finding four
beakers of colorless liquid on the lab bench and not knowing which one is yours or what is
in the other beakers! That situation would be a serious safety violation in an industrial lab-
oratory. Academic labs in the US are now required to follow the same safety regulations
followed in industry and something as simple as beakers with “stuff” in them but no proper
labels can result in large monetary fines for your school. The cost of chemical waste
disposal is very high and it is not legal to dispose of unidentified chemicals, so unlabeled
containers are a very expensive problem. The material must be analyzed to identify it just
so that it can be disposed of properly.

How many samples do we need to collect for a given analysis? How large must the
sample be to insure that it is representative? These types of questions can be answered by
statistics. We also need to have a basic knowledge of statistics to understand the limit-
ations in the other steps in method development, so we will now briefly introduce the stat-
istical concepts and calculations used by analytical chemists.

1.3. BASIC STATISTICS AND DATA HANDLING

In order to design the correct experiment to answer the analytical question being asked,
statistics is needed to select the size of the sample required, the number of samples, and
the number of measurements that must be performed to obtain the needed accuracy and
precision in the results generated by the experiment. Statistics is also used to express
the uncertainty in measured values, so that the users of the data understand the limitations
associated with results.

1.3.1. Significant Figures

The result of an analytical measurement is a number with associated units such as 50.1%
iron, 10 ppm parathion (a pesticide), or 25 mg isopropanol/L. To deal with numbers that
result from measurements and calculations involving these numbers, the concept of
significant figures must be understood. All measurements have uncertainty in them, so
the results should be reported as a number that tells us about the uncertainty. The numbers
reported from a measurement should be all of the digits known with certainty plus the first
uncertain digit. These digits, with uncertainty only in the last digit of the number, are
called significant figures. This gives a result that reflects the precision of the measurement.
For example, the number 50.1% means that the percentage is closer to 50.1 than to 50.2 or
50.0, but it does not mean that the percentage is exactly 50.1. In short, we are sure of the
“50” part of the number, but there is some uncertainty in the last figure reported. If we
were to analyze two samples containing 50.08% and 50.12% of a component by using
an instrument accurate to 0.1%, we would not be able to distinguish the difference in
the compositions of the samples, but would report them both as 50.1%.

The number 50.1 has three significant figures (5, 0, 1). Since the measurement is no
better than 0.1%, the last digit in 50.1 is uncertain by at least + 1. The last significant
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figure reported should reflect the precision of the measurement. There is no point in report-
ing any more figures because they would have no meaning, even though they might be
obtainable mathematically. For example, scientific calculators generally display eight or
more digits; that does not mean that all of the displayed digits are meaningful.

The reporting of figures implies that all the numbers are significant and only the last
number is in doubt, even if that number is zero. For example, 1.21 x 106, which has three
significant figures (1, 2, 1) implies that the number is closer to 1.21 x 10° than to 1.22 x 10°
or 1.20 x 10°. But writing 1,210,000, with seven significant figures, implies that the number
is closer to 1,210,000 than to 1,210,001 or 1,209,999. As discussed below, terminal zeros
can be confusing because they may not be significant if they are only used to show the
decimal place. Furthermore, the number 50.10 implies 10x greater accuracy than 50.1. A
zero can be a significant figure or it can be used to show the decimal place. If a zero
occurs between two nonzero significant figures, it is significant, as in 12,067, which has
five significant figures. In a number such as 0.024 the two initial zeros just show the
decimal place. Initial zeros are never significant and the number 0.024 has only two signifi-
cant figures, the 2 and the 4. One way to confirm that the zeros are only placeholders is to
write the number in scientific notation, 2.4 x 10~2, which clearly has only two significant
figures. If a zero is written after a decimal point, it is significant; for example, 24.0 would
have three significant figures. It is important to write a zero at the end of a number (a term-
inal zero) only if it is significant. For example, in a number like 54,300 or 1,210,000, the
zeros at the end of each number may or may not be significant; it is impossible to tell by
looking at the number. In cases like these, scientific notation should be used to indicate
exactly how many figures are significant. The number 5.4300 x 10* has five significant
figures; 5.430 x 10* has four significant figures; 5.43 x 10* has three significant figures.
To be clear about the number 1,210,000, it should be written in scientific notation:
1.210000 x 10° is the unambiguous way to show that there are seven significant figures.

Numbers that represent discrete objects have no uncertainty. If five measurements
were made, and we calculate the average by adding the five results and dividing by 5,
the number 5 has no effect on the number of significant figures in the answer. There is
no uncertainty in the number of measurements made, so the 5 can be considered to
have an infinite number of significant figures.

The following are some rules that should be observed when reporting results.

1. Inenumerating data, report all significant figures, such that only the last figure is
uncertain.

2. Reject all other figures, rounding off in the process. That is, if a number such as
1.325178 must be reported to four significant figures, only the first five figures,
1.3251, should be considered. If the fifth figure is greater than 5, increase the
fourth figure by one and drop the fifth figure. If the fifth figure is less than 5,
the fourth figure remains unchanged and the fifth number is dropped. If the
fifth figure is 5 and the fourth figure is odd, increase the fourth figure by one
and drop the 5. If the fifth figure is 5 and the fourth figure is even, it is not
increased when the 5 is dropped. Table 1.4 shows some examples of rounding
to four significant figures using these rules.

3. In reporting results obtained by addition and subtraction, the figures in each
number are significant only as far as the first uncertain figure of any one of
the numbers to be added or subtracted. The result of an addition or subtraction
should have the same absolute uncertainty as the number in the calculation with
the largest absolute uncertainty. The number with the largest absolute uncer-
tainty is the one with the fewest significant figures. For example, the sum of
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Table 1.4 Rounding Off to Four Significant Figures

Number Four significant figures
1.37286 1.373
1.37243 1.372
1.3735 1.374
1.3725 1.372
1.37251* 1.373

“The number 0.00051 is greater than 0.0005, even though the
last figure is not significant; hence the fourth figure is increased

by one.

the numbers in the set 21.1, 3.216, and 0.062 is reliable to the first decimal point,
because 21.1 is uncertain in the tenths place. Therefore the sum is only known to
the tenths place. One approach is to round off the other numbers to the tenths
place prior to addition (or subtraction). The sum of the rounded-off numbers
(21.1+3.2+0.1) is 24.4. A second approach is to carry one more figure
than the least significant figure and round off at the end. Using this approach,
the sum of (21.1 4+ 3.21 + 0.06) = 24.37, which rounds off to 24.4 in the
tenths place. The approach used should be consistent. When adding or subtract-
ing numbers with exponents, such as numbers written in scientific notation, the
numbers should be adjusted so that the exponents are all the same. For example,
toadd 3.25 x 1072+ 3 x 107° express 3 x 10~ ®as 0.0003 x 10~ 2. The sum
is then 3.2503 x 10~2, which is rounded off to 3.25 x 107>,

For multiplication and division, the number of significant figures in the answer
should be no greater than that of the term with the least number of significant
figures. In the case of multiplication and division, the answer will have a relative
uncertainty of the same order of magnitude as the number with the largest
relative uncertainty. Once again, the terms can be rounded off before calcu-
lation, but it is preferable to carry one more figure and round off at the end.
For example, (1.236 x 3.1 x 0.18721 x 2.36) = 1.692860653, according to a
scientific calculator that allows for 10 digits to be expressed. The figures
being multiplied have four, two, five, and three significant figures, respectively.
The term 3.1 has the least number of significant figures, two. The answer is
therefore rounded off to two significant figures, and would be reported as 1.7.
If the terms are rounded to two significant figures before multiplication, the
product (1.2 x 3.1 x 0.19 x 2.4) = 1.69, which is rounded off to 1.7, so that
only two significant figures are reported.

The characteristic of a logarithm indicates an order of magnitude; it has no uncer-
tainty and does not affect the number of significant figures in a calculation. The
mantissa should contain no more significant figures than are in the original
number. For example, the number 12.7 has a logarithm of 1.1038. The mantissa
is rounded off to three significant figures and log 12.7 is reported as 1.104. The
pH of a solution equals the negative logarithm of the hydrogen ion concen-
tration. Therefore in the following calculation, pH = —log(3.42 x 10 %) =
1.4659 = 1.466. The mantissa has three significant figures, as did the original
number 3.42.

If several analyses have been obtained for a particular sample (replicate analysis),
it should be noted at what point there is doubt in the significant numbers of the
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result. The final answer should be reported accordingly, and we will see how this is
done in the next section. For example, given the triplicate results 11.32, 11.35, and
11.32, there is no doubt about 11.3, but there is uncertainty in the hundreds place
(the fourth figure). The average should be reported as 11.33, with four significant
figures [i.e., (11.32 + 11.35 4+ 11.32) =+ 3]. Remember that the number 3 (the
divisor) indicates the exact number of measurements and has no uncertainty, so
it does not affect the number of significant figures in the answer.

If a calculation involves a combination of multiplication (or division) and addition (or sub-
traction), the steps must be treated separately. When using a calculator or spreadsheet
program, the best approach is to keep all significant figures throughout the calculation
and round off at the end.

Why place all this emphasis on significant figures? When you know the limitations
of a measurement in terms of its uncertainty, you can design an analytical method effi-
ciently. If you can only read the absorbance of light in a spectrometric measurement to
three significant figures (a typical value), it is a waste of time to weigh the sample to
five significant figures.

1.3.2. Accuracy and Precision

It is very important to understand the definitions of accuracy and precision and to recognize
the difference between precision and accuracy. Accuracy is a measure of how close a
measured analytical result is to the true answer. For most analytical work, the “true
answer” is not usually known. We often work with an “accepted” true value or “accepted
reference value”. Accuracy is evaluated by analyzing known, standard samples. The US
NIST (formerly the National Bureau of Standards) in Washington, D.C., has well-
characterized standard reference materials of many types that can serve as the known
sample. Similar certified reference materials are available from government standards
agencies in Canada, the UK, Europe, and other countries, as well as from a wide variety
of commercial standards suppliers. Another way of assessing accuracy is to spike a sample
with a known amount of the pure analyte. The sample is analyzed and the amount of added
analyte recovered is reported. A spike recovery of 100% would indicate that all of the
added analyte was measured by the analytical method, for example. Accuracy is documen-
ted by reporting the difference between the measured value and the true value with the
appropriate confidence level, or by reporting the spike recovery as a percentage of
added analyte.

Precision is a measure of how close replicate results on the same sample are to each
other. A common analogy used to envision the difference between accuracy and precision
is to imagine a bull’s-eye target used by an archer. If all the arrows hit in the bull’s-eye, the
archer is both accurate (has hit the center) and precise (all the arrows are close together). If
the archer puts all the arrows into the target close together (a “tight shot group”) but to the
upper left of the bull’s-eye, the archer is precise but not accurate. If the arrows hit the
target in many locations—top, bottom, center, left, and right of the center—the archer
is neither precise nor accurate. The difference between precision and accuracy is illus-
trated in Table 1.5. There are several ways to express precision mathematically;
Table 1.5 uses standard deviation (to be defined shortly) as a measure of precision. A
superficial examination of the results provided by Analyst 2 could be misleading. It is
very easy to be deceived by the closeness of the answers into believing that the results
are accurate. The closeness, expressed as the standard deviation, shows that the results
of Analyst 2 are precise, and not that the analysis will result in obtaining the true
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Table 1.5 Replicate Determinations of Analyte in a Sample®

% Analyte

Analyst 1° Analyst 2° Analyst 3¢

10.0 8.1 13.0
10.2 8.0 10.2
10.0 8.3 10.3
10.2 8.2 11.1
10.1 8.0 13.1
10.1 8.0 9.3
Average (%) 10.1 8.1 11.2
Absolute error® 0.0 2.0 1.1
Standard deviation 0.089 0.13 1.57

“Accepted true answer is 10.1 + 0.2% (obtained independently).
PResults are precise and accurate.

“Results are precise but inaccurate.

9Results are imprecise and inaccurate.

°Absolute error = |true value — measured value|.

answer. The latter must be discovered by an independent method, such as having Analyst 2
analyze a sample of known composition. The accepted true value for the determination is
10.1 £+ 0.2% according to the table footnote, so the determination by Analyst 2 is not
accurate. Analyst 3 is both inaccurate and imprecise. It is very unlikely that an imprecise
determination will be accurate. Precision is required for accuracy, but does not guarantee
accuracy.

It is important for students to realize that the inability to obtain the correct answer
does not necessarily mean that the analyst uses poor laboratory techniques or is a poor
chemist. Many causes contribute to poor accuracy and precision, some of which we
will discuss in this chapter as well as in later chapters. Careful documentation of analytical
procedures, instrument operating conditions, calculations, and final results are crucial in
helping the analyst recognize and eliminate errors in analysis.

The quantitative analysis of any particular sample should generate results that are
precise and accurate. The results should be reproducible, reliable, and truly representative
of the sample. Unfortunately, some degree of error is always involved in analytical
determinations, as discussed in Section 1.3.3.

For analytical results to be most useful, it is important to be aware of the reliability
of the results. To do this it is necessary to understand the sources of error and to be able to
recognize when they can be eliminated and when they cannot. Error is the difference
between the true result (or accepted true result) and the measured result. If the error in
an analysis is large, serious consequences may result. A patient may undergo expensive
and even dangerous medical treatment based on an incorrect laboratory result or an
industrial company may implement costly and incorrect modifications to a plant or
process because of an analytical error. There are numerous sources of error and several
types of errors, some of which are described here.

1.3.3. Types of Errors

There are two principal types of error in analysis: determinate or systematic error and
indeterminate or random error.
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1.3.3.1. Determinate Error

Broadly speaking, determinate errors are caused by faults in the analytical procedure or
the instruments used in the analysis. The name determinate error implies that the cause of
this type of error may be found out and then either avoided or corrected. Determinate
errors are systematic errors; that is, they are not random. A particular determinate error
may cause the analytical results produced by the method to be always too high; another
determinate error may render all results too low. Sometimes the error is constant; all
answers are too high (or too low) by the same amount. If the true results for three
samples are 25, 20, and 30 mg/L of analyte, but the measured (or determined) results
are 35, 30, and 40 mg/L, respectively, the analysis has a constant error of 10 mg/L.
Since these results are all too high, the constant error is positive; a constant negative
error of 10 mg/L would result in the three measured results being 15, 10, and 20 mg/L
of analyte, respectively. Sometimes the determinate error is proportional to the true
result, giving rise to proportional errors. For example, if the measured results for the
same three earlier samples are 27.5, 22.0, and 33.0 mg/L analyte, respectively, the
measured results are too high by 10% of the true answer. This error varies in proportion
to the true value. Other determinate errors may be variable in both sign and magnitude,
such as the change in the volume of a solution as the temperature changes. Although
this variation can be positive or negative, it can be identified and accounted for. Determi-
nate errors can be additive or they can be multiplicative. It depends on the error and how it
enters into the calculation of the final result.

If you look again at the results in Table 1.5 for Analyst 2, the results produced by this
analyst for the repetitive analysis of a single sample agree closely with each other, indicating
high precision. However, the results are all too low (and therefore inaccurate), given that
Table 1.5 states the true value of the sample to be 10.1 + 0.2% analyte. There is a negative
determinate error in the results from Analyst 2. This determinate error could be the result of
an incorrectly calibrated balance. If the balance is set so that the zero point is actually 0.5 g
too high, all masses determined with this balance will be 0.5 g too high. If this balance was
used to weigh out the potassium chloride used to make the potassium standard solution used
in the clinical laboratory, the standard concentration will be erroneously high, and all of the
results obtained using this standard will be erroneously low. The error is reported as the
absolute error, the absolute value of the difference between the true and measured values.
However, there is not enough information provided to know if this is a constant or a pro-
portional error. It can be seen that close agreement between results (i.e., high precision)
does not rule out the presence of a determinate error.

Determinate errors arise from some faulty step in the analytical process. The faulty
step is repeated every time the determination is performed. Whether a sample is analyzed
5 times or 50 times, the results may all agree with each other (good precision) but differ
widely from the true answer (poor accuracy). An example is given in Table 1.6. Although
the replicate results are close to each other, that tells us nothing about their accuracy. We
can see from the true value given in Table 1.6 that the experimental results are too high;
there is a determinate error in the procedure. An analyst or doctor examining the measured
analytical results in Table 1.6 might be deceived into believing that the close agreement
among the replicate measurements indicates high accuracy and that the results are close
to the true potassium concentration. (Potassium in adult human serum has a normal
range of 3.5-5.3 mmol potassium/L serum. Assume that the true value given is for this
particular patient.)

In the example in Table 1.6, the true value was 4.0 mmol potassium/L and the
average measured result was 5.2 mmol potassium/L in the patient’s serum. However,
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Table 1.6 Potassium Concentration in a Single Serum Sample

Measured value True value®
(mmol /L) (mmol/L)
52 4.0
5.1
5.3
5.1
5.1
Average 5.2 4.0

“Normal range for potassium in serum: 3.5-5.3 mmol/L.

the analyst and the doctor do not know the true value of an unknown serum sample. The
measured result is in the normal range for adult human serum potassium concentrations, so
neither the analyst nor the doctor is likely to be suspicious of the results.

If a faulty analytical procedure is used to analyze five different patients’ serum
samples and the results shown in Table 1.7 are obtained, it can be seen that in all cases
the error is +1.2 mmol/L. This indicates a constant, positive determinate error. As you
can see, this faulty procedure would result in one patient being misdiagnosed with a
false high serum K level and a patient with a truly low serum K level being misdiagnosed
as “normal”.

An analyst working at a different hospital with different instrumentation obtains the
results shown in Table 1.8. Examination of these analytical results shows they are all
~20% greater than the true answer. The error is proportional to the true concentration
of the analyte. Such information as to the nature of the error is useful in the diagnosis
of the source of the determinate error.

Systematic error is under the control of the analyst. It is the analyst’s responsibility
to recognize and correct for these systematic errors that cause results to be biased, that is,
offset in the average measured value from the true value. How are determinate errors
identified and corrected? Two methods are commonly used to identify the existence of
systematic errors. One is to analyze the sample by a completely different analytical pro-
cedure that is known to involve no systematic errors. Such methods are often called
“standard methods”; they have been evaluated extensively by many laboratories and
shown to be accurate and precise. If the results from the two analytical methods agree,
it is reasonable to assume that both analytical procedures are free of determinate
errors. The second method is to run several analyses of a reference material of known,

Table 1.7 Potassium Concentrations in Patients’ Serum

Measured value® True value
Patient (mmol/L) (mmol /L)
A 5.3 4.1
B 4.8 3.6
C 6.3 5.1
D 5.0 3.8
E 4.1 2.9

“Constant error of +1.2 mmol/L.
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Table 1.8 Potassium Concentration in Serum

Measured value True value®
Patient (mmol/L) (mmol /L)
A 5.8 4.8
B 4.3 3.6
C 7.4 6.2
D 3.5 29
E 6.6 55

“Results indicate a positive proportional error of 20% of the true value.

accepted concentration of analyte. The difference between the known (true) concen-
tration and that measured by analysis should reveal the error. If the results of analysis
of a known reference standard are consistently high (or consistently low), then a deter-
minate error is involved in the method. The cause of the error must be identified and
either eliminated or controlled if the analytical procedure is to give accurate results. In
the earlier example of potassium in serum, standard serum samples with certified concen-
trations of potassium are available for clinical laboratories. Many clinical and analytical
laboratories participate in proficiency testing programs, where “unknown” standard
samples are sent to the laboratory on a regular basis. The results of these samples are
sent to the government or professional agency running the program. The unknowns
are of course known to the agency that sent the test samples; the laboratory receives a
report on the accuracy and precision of its performance.

Determinate errors can arise from uncalibrated balances, improperly calibrated
volumetric flasks or pipettes, malfunctioning instrumentation, impure chemicals, incorrect
analytical procedures or techniques, and analyst error.

Analyst error. The person performing the analysis causes these errors. They may
be the result of inexperience, insufficient training, or being “in a hurry”. An analyst may
use the instrument incorrectly, perhaps by placing the sample in the instrument incorrectly
each time or setting the instrument to the wrong conditions for analysis. Consistently mis-
reading a meniscus in a volumetric flask as high (or low) and improper use of pipettes, such
as “blowing out” the liquid from a volumetric pipette, are common analyst errors. Some
other analyst-related errors are (1) carelessness, which is not as common as is generally
believed; (2) transcription errors, that is, copying the wrong information into a lab notebook
or onto a label; and (3) calculation errors. Proper training, experience, and attention to detail
on the part of the analyst can correct these types of errors.

Reagents and instrumentation. Contaminated or decomposed reagents can
cause determinate errors. Impurities in the reagents may interfere with the determination
of the analyte, especially at the ppm level or below. Prepared reagents may also be
improperly labeled. The suspect reagent may be tested for purity using a known pro-
cedure or the analysis should be redone using a different set of reagents and the
results compared.

Numerous errors involving instrumentation are possible, including incorrect instru-
ment alignment, incorrect wavelength settings, incorrect reading of values, and incorrect
settings of the readout (i.e., zero signal should read zero). Any variation in proper instru-
ment settings can lead to errors. These problems can be eliminated by a systematic pro-
cedure to check the instrument settings and operation before use. Such procedures are
called standard operating procedures (SOPs) in many labs. There should be a written
SOP for each instrument and each analytical method used in the laboratory.
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In instrumental analysis, electrical line voltage fluctuations are a particular
problem. This is especially true for automated instruments running unattended overnight.
Instruments are often calibrated during the day, when electrical power is in high demand.
At night, when power demand is lower, line voltage may increase substantially, com-
pletely changing the relationship between concentration of analyte and measured signal.
Regulated power supplies are highly recommended for analytical instruments. The pro-
cedure for unattended analysis should include sufficient calibration checks during the
analytical run to identify such problems. Many instruments are now equipped with soft-
ware that can check the measured value of a standard and automatically recalibrate the
instrument if that standard falls outside specified limits.

Analytical method. The most serious errors are those in the method itself.
Examples of method errors include (1) incomplete reaction for chemical methods, (2)
unexpected interferences from the sample itself or reagents used, (3) having the analyte
in the wrong oxidation state for the measurement, (4) loss of analyte during sample prep-
aration by volatilization or precipitation, and (5) an error in calculation based on incorrect
assumptions in the procedure (errors can evolve from assignment of an incorrect formula
or molecular weight to the sample). Most analytical chemists developing a method check
all the compounds likely to be present in the sample to see if they interfere with the deter-
mination of the analyte; unlikely interferences may not have been checked. Once a valid
method is developed, an SOP for the method should be written so that it is performed the
same way every time it is run.

Contamination. Contamination of samples by external sources can be a serious
source of error and may be extremely variable. An excellent example of how serious
this can be has been documented in the analysis of samples for polychlorinated biphenyls
(PCBs). PCBs are synthetic mixtures of organochlorine compounds that were first manu-
factured in 1929 and have become of concern as significant environmental pollutants. It
has been demonstrated that samples archived since 1914, before PCBs were manufactured,
picked up measurable amounts of PCBs in a few hours just sitting in a modern laboratory
(Erickson). Aluminum levels in the dust in a normal laboratory are so high that dust pro-
hibits the determination of low ppb levels of aluminum in samples. A special dust-free
“clean lab” or “clean bench” with a filter to remove small dust particles may be required,
similar to the clean rooms needed in the semiconductor industry, for determination of
traces of aluminum, silicon, and other common elements such as iron. When trace
(<ppm level) or ultratrace (<ppb level) organic and inorganic analysis is required,
the laboratory environment can be a significant source of contamination.

Another major source of contamination in an analysis can be the analyst. It depends
on what kind of analytes are being measured, but when trace or ultratrace levels of
elements or molecules are being determined, the analyst can be a part of the analytical
problem. Many personal care items, such as hand creams, shampoos, powders, and cos-
metics, contain significant amounts of chemicals that may be analytes. The problem can
be severe for volatile organic compounds in aftershave, perfume, and many other
scented products and for silicone polymers, used in many health and beauty products.
Powdered gloves may contain a variety of trace elements and should not be used by ana-
lysts performing trace element determinations. Hair, skin, and clothing can shed cells or
fibers that can contaminate a sample.

Having detected the presence of a determinate error, the next step is to find its
source. Practical experience of the analytical method or first-hand observation of the
analyst using the procedure is invaluable. Much time can be wasted in an office guessing
at the source of the trouble. Unexpected errors can be discovered only in the laboratory.
A little data is worth a lot of discussion (Robinson’s Law).
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1.3.3.2. Indeterminate Error

After all the determinate errors of an analytical procedure have been detected and elimi-
nated, the analytical method is still subject to random or indeterminate error arising from
inherent limitations in making physical measurements. Each error may be positive or
negative, and the magnitude of each error will vary. Indeterminate errors are not constant
or biased. They are random in nature and are the cause of slight variations in results of
replicate samples made by the same analyst under the same conditions.

Sources of random error include the limitations of reading balances, scales such as
rulers or dials, and electrical “noise” in instruments. For example, a balance that is capable
of measuring only to 0.001 g cannot distinguish between two samples with masses of
1.0151 and 1.0149 g. In one case the measured mass is low, in the other case it is high.
These random errors cause variation in results, some of which may be too high and
some too low, as we see for Analyst 1 in Table 1.5. The average of the replicate determi-
nations is accurate, but each individual determination may vary slightly from the true
value. Indeterminate errors arise from sources that cannot be corrected, avoided, or
even identified, in some cases. All analytical procedures are subject to indeterminate
error. However, because indeterminate error is random, the errors will follow a random
distribution. This distribution can be understood using the laws of probability and basic
statistics. The extent of indeterminate error can be calculated mathematically.

Let us suppose that an analytical procedure has been developed in which there is no
determinate error. If an infinite number of analyses of a single sample were carried out
using this procedure, the distribution of numerical results would be shaped like a
symmetrical bell (Fig. 1.5). This bell-shaped curve is called the normal or Gaussian
distribution. The frequency of occurrence of any given measured value when only
indeterminate error occurs is represented graphically by a plot such as Fig. 1.5.

If only indeterminate errors were involved, the most frequently occurring result
would be the true result, that is, the result at the maximum of the curve would be the
true answer. In practice it is not possible to make an infinite number of analyses of a
single sample. At best, only a few analyses can be carried out, and frequently only one
analysis of a particular sample is possible. We can, however, use our knowledge of
statistics to determine how reliable these results are. The basis of statistical calculations
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Figure 1.5 A normal or Gaussian distribution of results when only indeterminate error is present.
The value that occurs with most frequency is the true value (T) or mean value, while the spread of the
distribution is expressed in units of standard deviation from the mean, symbolized by o. The larger
the random error, the broader the distribution will be.
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is outlined below. Statisticians differentiate between the values obtained from a finite
number of measurements, N, and the values obtained from an infinite number of measure-
ments, so we need to define these statistical terms.

1.3.4. Definitions for Statistics

True value T': the true or accepted value; also symbolized by x;.
Observed value x;: a single value measured by experiment.
Sample mean X: the arithmetic mean of a finite number of observations, that is,

Z:N=1xi_(xl +x4+x3+ -+ xw)

N N (1.1)

X =

where N is the number of observations and > _ x; is the sum of all the individual
values x;.
Population mean . the limit as N approaches infinity of the sample mean, that is,

N
. Xi
= lim = 1.2
p= lim 2N (1.2)
In the absence of systematic error, the population mean u equals the true value
T of the quantity being measured.
Error E: the difference between the true value T and either a single observed value x;
or the sample mean of the observed values, x; error may be positive or negative,

E=x,—T or x—x (1.3)

The total error is the sum of all the systematic and random errors.
Absolute error: the absolute value of E, and can be defined for a single value or for
the sample mean,

Ewps = [x; =T| or |x—Xx (1.4)

Relative error: the absolute error divided by the true value; it is often expressed as a
percent by multiplying by 100,
Eabs Eabs

or %E. =
Xt Xt

Erl =

x 100 (1.5)

Absolute deviation d;: the absolute value of the difference between the observed
value x; and the sample mean X,

di = |xi — X| (1.6)

Relative deviation D: the absolute deviation d; divided by the mean Xx,
D== (1.7)

Percent relative deviation: the relative deviation multiplied by 100,

d; x 100%

D (%) = =D x 100 (1.8)
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Sample standard deviation s: for a finite number of observations N, the sample
standard deviation is defined as

\/Zz ld2 \/Zl l(xl_x) (19)

Standard deviation of the mean s, the standard deviation associated with the
mean of a data set consisting of N measurements,

Sy = — (1.10)

Population standard deviation o : for an infinite number of measurements,

N o2
o=./ lim w (1.11)
N—oo N
Percent relative standard deviation % RSD,
% RSD =2 x 100 (1.12)
X

Variance o or s%: the square of the population standard deviation o or the sample
standard deviation s.

1.3.5. Quantifying Random Error

If the systematic errors have been eliminated, the measured value will still be distributed
about the true value owing to random error. For a given set of measurements, how close is
the average value of our measurements to the true value? This is where the Gaussian
distribution and statistics are used.

The Gaussian distribution curve assumes that an infinite number of measurements of
x; have been made. The maximum of the Gaussian curve occurs at x = pu, the true value of
the parameter we are measuring. So, for an infinite number of measurements, the popu-
lation mean is the true value x,. We assume that any measurements we make are a
subset of the Gaussian distribution. As the number of measurements, N, increases, the
difference between x and w tends toward zero. For N greater than 20 to 30 or so, the
sample mean rapidly approaches the population mean. For 25 or more replicate measure-
ments, the true value is approximated very well by the experimental mean value. Unfortu-
nately, even 20 measurements of a real sample are not usually possible. Statistics allows us
to express the random error associated with the difference between the population mean w
and the mean of a small subset of the population, x. The random error for the mean of a
small subset is equal to x — u.

The area under any portion of the Gaussian distribution, for example, between a
value x; and a value x,, corresponds to the fraction of the measurements which will
yield a measured value of x between and including these two values. The spread of
the Gaussian distribution, that is, the width of the bell-shaped curve, is expressed in
terms of the population standard deviation o. The standard deviation o coincides with
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the point of inflection of the curve as can be seen in Fig. 1.5. The curve is symmetrical,
so we have two inflection points, one on each side of the maximum. The x-axis relates
the area under the curve to the standard deviation. For + o on either side of the maxi-
mum, 68.3% of the area under the curve lies in this range of x. This means that 68.3% of
all measurements of x; will fall within the range x = w + 0. About 95.5% of the
area under the curve lies between x = u + 20 and 99.7% of the area lies between
x=pu + 30.

The precision of analytical results is usually stated in terms of the standard deviation
o. As just explained, in the absence of determinate error, 68.3% of all results can be
expected to fall within + o of the true value, 95.5% of the results will fall within +20
of the true answer, and 99.7% of our results will fall within 4+ 3¢ of the true value if
we perform enough measurements (more than 20 or so replicates). It is common practice
to report analytical results with the mean value and the standard deviation expressed,
thereby giving an indication of the precision of the results.

Let us suppose that we know by previous extensive testing that the standard devi-
ation o of a given analytical procedure for the determination of Si in an aluminum
alloy is 0.1% w/w. This is the standard deviation in concentration units (0.1 g Si/100 g
Al alloy) not the relative standard deviation. We know that there are no determinate
errors in the analysis. Also, when we analyze a particular sample using this method,
and perform sufficient replicate analyses, we obtain an average result of 19.6% Si by
weight. We can now report that the analytical result is 19.6 + 0.1% Si with the under-
standing that 68.3% of all results will fall in this range. We could also report that the
result is 19.6 + 0.2% (where 0.2% = 20). A report stating that an analysis of a sample
indicated 19.6% Si and that 20 for the method is 0.2% means that we are 95.5% certain
that the true answer is 19.6 + 0.2% Si. We say that the confidence level (CL) of the
measurement is 95.5%, with the understanding that there are no determinate errors and
that we have performed a sufficient number of replicates to know both u and o. Notice
that the more certain we are that the answer falls within the range given, the bigger the
range actually is. It is important when reporting data with both mean and precision infor-
mation that the analyst tells the customer what precision is reported. If Analyst A reported
19.6 + 0.1% Si and Analyst B reported 19.6 + 0.2% Si, without telling the customer what
the 0.1 and 0.2% mean, the customer might think incorrectly that Analyst A is more
precise than Analyst B.

However, we are usually dealing with a small, finite subset of measurements, not 20
or more; so the standard deviation that should be reported is the sample standard deviation
s. For a small finite data set, the sample standard deviation s differs from o in two respects.
Look at the equations given in the definitions. The equation for sample standard deviation
s contains the sample mean, not the population mean, and uses N — 1 measurements
instead of N, the total number of measurements. The term N — 1 is called the degrees
of freedom.

Let us go through an example of calculating some of these statistical parameters.
The equations are simple enough that the values can be calculated manually, although
the calculations can be tedious for large values of N. Most scientific handheld calculators
have programs that calculate mean, sample standard deviation s (sometimes marked oy_
on a calculator button), and o (sometimes marked o, on a button). You should learn how
to use these programs on your calculator. In addition, the calculations can be set up in a
spreadsheet in programs like Microsoft Excel®.

You have measured mercury in eight representative samples of biological tissue
from herons (which eat fish that may be contaminated with mercury) using cold vapor



34 Chapter 1

AAS (which is discussed in Chapter 6). The values in column 2 of the table below were
obtained.

Sample Hg content (ppb) (x; — x)?
1 5.34 0.010
2 5.37 0.005
3 5.44 0.000
4 5.22 0.048
5 5.84 0.160
6 5.67 0.053
7 5.27 0.029
8 5.33 0.012

The mean is calculated using Eq. (1.1):

534+4+537+5444522+5.84+5.67+5.27+5.33
8

X =

43.48
= 3 = 5.44 ppbHg

Since we have only eight measurements, we will calculate s, the sample standard
deviation, using Eq. (1.9). The standard deviation s is calculated manually in steps,
with the intermediate values for (x; — X)*> shown in the table preceding in the third
column. The sum of the (x; — x)* values = 0.317, therefore:

0317
— 22 0213
YTVs -1

You could report the average concentration of Hg in the heron tissue as
5.44 + 0.21 ppb Hg and indicate in your report that 0.21 equals 1s. The Hg concentration
can be reported in terms of 2s, 35, and so on, just as for the population standard deviation.
Analytical results published without such precision data lose much of their meaning. They
indicate only the result obtained and not the reliability of the answer.

Software programs called spreadsheets are extremely useful for performing the
repetitive calculations used by analysts, displaying each step in the calculation, tabulating
data, and presenting data graphically. A variety of commercial software programs are
available. The example given here uses the spreadsheet program Microsoft Excel®. The
other commercial programs have similar capabilities but the instructions will differ for
each. The following example assumes some familiarity with using Microsoft programs.
If more fundamental directions are needed, the texts by Christian or Harris listed in the
bibliography have excellent instructions and examples.

When an Excel spreadsheet is opened, the page consists of blank cells arranged in
rows and columns. Each cell is identified by its column letter and row number. The indi-
vidual mercury concentrations from the earlier example can be typed into separate cells, as
can text such as column headings. In the sample spreadsheet page shown, text is typed into
cells Al, B1, A12, and A13, while the sample numbers and data are put in as shown. The
data points are in cells B3 through B10. The width of the columns can be varied to fit the
contents.
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A B C D
1 Sample Hg conc.
(ppb)

2

3 1 5.34

4 2 5.37

5 3 5.44

6 4 5.22

7 5 5.84

8 6 5.67

9 7 5.27
10 8 5.33
11
12 Mean
13 Std. Dev.

It is possible to write mathematical formulas and insert them into the spreadsheet to
perform calculations, but Excel has many functions already built into the program. By
clicking on an empty cell and then on f, on the toolbar, these functions can be accessed.
This opens the Paste Function window. Select Statistical in the Function category on the
left side of the window and a list of Function names appears on the right side of the
window. Click on the cell B12, then select AVERAGE from the Function name list.
Click OK, and type in (B3:B10) in the active box. The average (mean) will appear in
cell B12. Alternatively, in cell B12, you can type =AVERAGE(B3:B10) and the mean
will be calculated. The standard deviation can be calculated by selecting STDEV from
the Function name list and clicking on cell B13 or by typing =STDEV(B3:B10) into
cell B13.

A B C D
1 Sample Hg conc.
(ppb)

2

3 1 5.34

4 2 5.37

5 3 5.44

6 4 5.22

7 5 5.84

8 6 5.67

9 7 5.27
10 8 533




36 Chapter 1

A B C D
11
12 Mean 5.435
13 Std. Dev. 0.212804
14

The values calculated by Excel are shown in cells B12 and B13. Of course they must
be rounded off to the correct number of significant figures, but are the same as the results
obtained manually. Learning to use spreadsheets can save time and permit the data to be
stored, processed, and presented in a variety of formats. The spreadsheets can be made part
of the electronic lab notebooks that are common in industry and government laboratories
as well as in many college laboratories.

The value obtained for o is an estimate of the precision of the method. If an analyst
sets up a new analytical procedure and carries out 20 determinations of a standard sample,
the precision obtained is called the short-term precision of the method. This is the optimum
value of o because it was obtained from analyses run at the same time by the same analyst,
using the same instrumentation and the same chemicals and reagents. In practice the short-
term precision data may be too optimistic. Routine analyses may be carried out for many
years in a lab, such as the determination of Na and K in serum in a hospital laboratory.
Different analysts, different chemicals and reagents, and even different instrumentation
may be used. The analysis of a standard sample should be carried out on a regular basis
(daily, weekly, etc.) and these results compiled on a regular basis. Over several months
or a year, the long-term precision of the method can be calculated from these compiled
results. This is a more realistic measure of the reliability of the analytical results obtained
on a continuing basis from that laboratory.

There are a variety of terms used to discuss analytical methods that are related to the
precision of the method. The repeatability of the method is the short-term precision of the
method under the same operating conditions (the interassay precision). Reproducibility
refers to the ability of multiple laboratories to obtain the same results on a given
sample and is determined from collaborative studies. Ruggedness is the degree of repro-
ducibility of the results obtained by one laboratory under a variety of conditions (similar to
the long-term precision). Repeatability, reproducibility, and ruggedness are all expressed
in terms of the standard deviation (or relative standard deviation) obtained experimentally.
Robustness is another term for the reliability of the method, that is, its accuracy and pre-
cision, under small changes in conditions. These changes can be in operating conditions
such as laboratory room temperature, sample variables such as concentration and pH,
reagent and standard stability, and so on.

1.3.5.1. Confidence Limits

It is impossible to determine w and o from a limited set of measurements. We can use stat-
istics to express the probability that the true value w lies within a certain range of the
measured average mean Xx. That probability is called a confidence level (CL) and is
usually expressed as a percentage (e.g., the CL is 95%). The term confidence limit
refers to the extremes of the confidence interval (the range) about X within which u is
expected to fall at a given CL.

When s is a good approximation for o, we can state a CL or confidence limits for our
results based on the Gaussian distribution. The CL is a statement of how close the sample
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mean lies to the population mean. For a single measurement we let s = ¢. The CL is then
the certainty that w = x + zo. For example, if z = 1, we are 68.3% confident that x lies
within + o of the true value; if we set z = 2, we are 95.5% confident that x lies within
+ 20 of the true value. For N measurements, the CL for u = x + zsy,.

In most cases, s is not a good estimate of o because we have not made enough
replicate analyses. In this case, the CL is calculated using a statistical probability
parameter, Student’s t. The parameter ¢ is defined as 7= (x — w)/s and the CL for
w=2x + ts/+/N. An abbreviated set of  values is given in Table 1.9; complete tables
can be found in mathematics handbooks or statistics books.

As an example of how to use Table 1.9 and CLs, assume that we have made five
replicate determinations of the pesticide DDT in a water sample using GC. The five
results are given in the spreadsheet below, along with the mean and standard deviation.
How do we report our results so that we are 95% confident that we have reported the
true value?

A B C D
1 Replicate | DDT conc.
sample (ppb)
2
3 1 1.3
4 2 1.5
5 3 14
6 4 1.4
7 5 1.3
8
9 Mean 1.4
10 Std. Dev. 0.08

Table 1.9 Student’s ¢ Values

t Value for confidence limit
Degrees of freedom

N—-1) 90% 95% 99%
1 6.31 12.7 63.7
2 292 4.30 9.92
3 2.35 3.18 5.84
4 2.13 2.78 4.60
5 2.02 2.57 4.03
6 1.94 2.45 3.71
7 1.90 2.36 3.50
8 1.86 231 3.36
9 1.83 2.26 3.25

10 1.81 2.23 3.17

00 1.64 1.96 2.58
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The number of determinations is five, so there are four degrees of freedom. The ¢
value for the 95% CL with N — 1 = 4 is 2.78, according to Table 1.9. Therefore:

t 14+2'78XO'08=1.4i0.1

s
ﬁ =T 51/2

We are 95% confident that the true value of the DDT concentration in the water
sample is 1.4 + 0.1 ppb, assuming no determinate error is present.

The Student’s ¢ value can be used to test for systematic error (bias) by comparing
means of different determinations. The CL equation is rewritten as:

izzo‘c—u)@ (1.13)

95% CL =x +

By using a known, valid method, u is determined for a known sample, such as a cer-
tified reference material. The values of x and s are determined for the known sample using
the new method (new instrument, new analyst, etc.). A value of ¢ is calculated for a given
CL and the appropriate degrees of freedom. If the calculated ¢ value exceeds the value of ¢
given in Table 1.9 for that CL and degrees of freedom, then a significant difference exists
between the results obtained by the two methods, indicating a systematic error. Using the
DDT data above, assume that we know that the true value of the DDT concentration is
1.38 ppb. A new analyst runs the five determinations and obtains a mean of 1.20 ppb
and a standard deviation of 0.13. If we calculate 7 using the previous equation, we get
+1=(1.20 — 1.38)(5)/2/0.13 = —3.09. At 95% CL, the absolute value of this calcu-
lated 7 is larger than the tabulated ¢ for 4 degrees of freedom found in Table 1.9. Therefore
a determinate error exists in the procedure as performed by the new analyst.

1.3.5.2. Variance

Variance is defined as the square of the standard deviation, o2, Variance is often preferred
as a measure of precision because variances from m independent sources of random error
are additive. The standard deviations themselves are not additive. The use of variance
allows us to calculate the random error in the answer from mathematical calculations
involving several numbers, each of which has its own associated random error. The
total variance is the sum of the individual variances:

m

oo =Y o} (1.14)

i=1

For addition and subtraction, the absolute variance, crz, is additive. For multi-
plication and division, the relative variances are additive, where the relative variance is
just the square of the standard deviation divided by the mean, crrzel = (0/X)%.

The square of the standard deviation, o, can also be used to determine if sets of data
from two methods (analysts, instruments, etc.) are statistically significantly different from
each other in terms of their precision. In this test, the variances of two sets of results are
compared. The variance o7 of one set of results is calculated and compared with the
variance o of earlier results, or the variance of a new method is compared with that of a
standard method. The test is called the F-test. The ratio of the variances of the two

sets of numbers is called the F-function:

F=2L (1.15)
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where o7 > o7 (i.e., the ratio should be greater than 1). Each variance has its associated
degrees of freedom, (N — 1); and (N — 1),. Tables of F values are found in mathematics
handbooks or statistics books. An abbreviated table for the 95% CL is given in Table 1.10.
If the calculated value of F' is larger than the tabulated value of F for the appropriate
degrees of freedom and CL, then there is a significant difference between the two sets
of data.

1.3.6. Rejection of Results

When a set of replicate results is obtained it may be the case that one of the results appears
to be “out of line”; such a result is called an outlier. While it is tempting to discard data
that does not “look good” in order to make the analysis seem more precise, it is never a
good practice unless there is justification for discarding the result. If it is known that an
error was made, such as spillage of the sample, use of the wrong size pipet, incorrect
dilution, or allowing the sample to boil to dryness when it should not have done so, the
result should be rejected and not used in any compilation of results. In practice, if some-
thing of this sort is suspected, a good analyst will discard the sample and start over if
possible.

There are a variety of statistical tests that have been used to decide if a data point
should be rejected, as well as some “rules of thumb”. The range chosen to guide the
decision will limit all of these tests and guidelines. A large range will retain possibly
erroneous results, while a very small range will reject valid data points. It is important
to note that the outlier must be either the highest value in the set of data or the lowest
value in the set. A value in the middle of a data set cannot be discarded unless the
analyst knows that an error was made.

One rule of thumb is that if the outlier value is greater than + 4o from the mean, it
should be rejected. When calculating the mean and standard deviation, an outlier result
should not be included in the calculation. After the calculation, the suspected result should
be examined to see if it is more than 4o from the mean. If it is outside this limit, it should
be ignored; if it is within this limit, the value for o should be recalculated with this
result included in the calculation. It is not permissible to reject more than one result on
this basis. A suspected result should not be included in calculating o If it is included,
it will automatically fall within 40 because such a calculation includes this number.
Other reference sources recommend an even smaller range for rejection, such as a 2.50
limit.

A statistical test called the O-test can be used effectively for small data sets (see
the reference by Rorabacher) to determine if a given data point should be rejected. The

Table 1.10 F Values at 95% CL

N — 1)

(N—=1), 2 4 6 8 10 20
2 19.0 19.2 19.3 19.4 19.4 19.4
4 6.94 6.39 6.16 6.04 5.96 5.80
6 5.14 453 428 4.15 4.06 3.87
8 4.46 3.84 3.58 3.44 3.35 3.15

10 4.10 3.48 3.22 3.07 2.98 2.77

20 3.49 2.87 2.60 245 2.35 2.12
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Q-test at the 90% CL is typically used. The data is arranged in order of increasing value.
The range of the data is calculated, that is, the lowest value is subtracted from the highest
value. The range is x,, — x;. Then the “gap” is calculated, where the gap is defined as the
difference between the suspect value and the nearest value, x, — x,—;. The Q ratio is
defined as Q = gap/range. Using a table of Q values, if Q observed >Q tabulated, the
suspect value is discarded. The Q-test cannot be used if all but one data point is the
same in a set. For example, if triplicate results are 1.5, 1.5, and 3.0, you cannot discard
the 3.0 value using statistics. It ultimately falls to the analyst to make the decision
about rejecting data, but it should not be done lightly. Having covered the basic statistics
needed, we return to the discussion of solving the analytical problem.

1.4. SAMPLE PREPARATION

Few samples in the real world can be analyzed without some chemical or physical prep-
aration. The aim of all sample preparation is to provide the analyte of interest in the physical
form required by the instrument, free of interfering substances, and in the concentration
range required by the instrument. For many instruments, a solution of analyte in organic
solvent or water is required. We have already discussed some of the sample preparation
steps that may be needed. Solid samples may need to be crushed or ground, or they may
need to be washed with water, acid, or solvent to remove surface contamination. Liquid
samples with more than one phase may need to be extracted or separated. Filtration or
centrifugation may be required.

If the physical form of the sample is different from the physical form required by the
analytical instrument, more elaborate sample preparation is required. Samples may need to
be dissolved to form a solution or pressed into pellets or cast into thin films or cut and
polished smooth. The type of sample preparation needed depends on the nature of the
sample, the analytical technique chosen, the analyte to be measured, and the problem to
be solved. Most samples are not homogeneous. Many samples contain components that
interfere with the determination of the analyte. A wide variety of approaches to sample
preparation has been developed to deal with these problems in real samples. Only a brief
overview of some of the more common sample preparation techniques is presented. More
details are found in the chapters on each instrumental method.

Note: None of the sample preparation methods described here should be attempted
without approval, written instructions, and close supervision by your professor or labora-
tory instructor. The methods described present many potential hazards. Many methods use
concentrated acids, flammable solvents, and/or high temperatures and high pressures.
Reactions can generate harmful gases. The potential for “runaway reactions” and even
explosions exists with preparation of real samples. Sample preparation should be per-
formed in a laboratory fume hood for safety. Goggles, lab coats or aprons, and gloves
resistant to the chemicals in use should be worn at all times in the laboratory.

1.4.1. Acid Dissolution and Digestion

Metals, alloys, ores, geological samples, ceramics, and glass react with concentrated
acids and this approach is commonly used for dissolving such samples. Organic materials
can be decomposed (digested or “wet ashed”) using concentrated acids to remove the car-
bonaceous material and solubilize the trace elements in samples such as biological
tissues, foods, and plastics. A sample is generally weighed into an open beaker, concen-
trated acid is added, and the beaker heated on a hot plate until the solid material
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dissolves. Dissolution often is much faster if the sample can be heated at pressures
greater than atmospheric pressure. The boiling point of the solvent is raised at elevated
pressure, allowing the sample and solvent to be heated to higher temperatures than can be
attained at atmospheric pressure. This can be done in a sealed vessel, which also has the
advantage of not allowing volatile elements to escape from the sample. Special stainless
steel high-pressure vessels, called “bombs”, are available for acid dissolution and for the
combustion of organic samples under oxygen. While these vessels do speed up the dis-
solution, they operate at pressures of hundreds of atmospheres and can be very dangerous
if not operated properly. Another sealed vessel digestion technique uses microwave
digestion. This technique uses sealed sample vessels made of polymer, which are
heated in a specially designed laboratory microwave oven. (NEVER use a kitchen-
type microwave oven for sample preparations. The electronics in kitchen-type units
are not protected from corrosive fumes, arcing can occur, and the microwave source,
the magnetron, can easily overheat and burn out.) The sealed vessel microwave digestion
approach keeps volatile elements in solution, prevents external contaminants from falling
into the sample, and is much faster than digestion on a hot plate in an open beaker.
Microwave energy efficiently heats solutions of polar molecules (such as water) and
ions (aqueous mineral acids) and samples that contain polar molecules and/or ions. In
addition, the sealed vessel results in increased pressure and increased boiling point.
A commercial analytical microwave digestion system for sealed vessel digestion of
multiple samples is shown in Fig. 1.6.

The acids commonly used to dissolve or digest samples are hydrochloric acid
(HCI), nitric acid (HNOs3), and sulfuric acid (H,SO,4). These acids may be used alone
or in combination. The choice of acid or acid mix depends on the sample to be dissolved
and the analytes to be measured. The purity of the acid must be chosen to match the level
of analyte to be determined. Very high purity acids for work at ppb or lower levels of
elements are commercially available, but are much more expensive than standard
reagent grade acid. For special applications, perchloric acid (HClO,4) or hydrofluoric
acid (HF) may be required. A student should never use HCIO, or HF without specific
training from an experienced analytical chemist and only then under close supervision.
While a mixture of HNO;3; and HCIO, is extremely efficient for wet ashing organic

=
=
=

Figure 1.6 A commercial analytical microwave digestion system for sealed vessel digestion of
multiple samples. Courtesy of CEM Corporation, Matthews, NC (www.cem.com).
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materials, HCIO, presents a very serious explosion hazard. Specially designed fume
hoods are required to prevent HC1O,4 vapors from forming explosive metal perchlorate
salts in the hood ducts, and reactions of hot HC104 with organic compounds can result
in violent explosive decompositions. A blast shield should be used and the organic
sample must first be heated with HNO; alone to destroy easily oxidized material
before the HClO, is added. Concentrated HF is used for dissolving silica-based
glass and many refractory metals such as tungsten, but it is extremely dangerous to
work with. It causes severe and extremely painful deep tissue burns that do not hurt
immediately upon exposure. However, delay in treatment for HF burns can result in
serious medical problems and even death from contact with relatively small amounts
of acid.

HCI is the most commonly used non-oxidizing acid for dissolving metals, alloys,
and many inorganic materials. HCI dissolves many materials by forming stable chloride
complexes with the dissolving cations. There are two major limitations to the universal
use of HCI for dissolution. Some elements may be lost as volatile chlorides; examples
of volatile chlorides include arsenic, antimony, selenium, and germanium. Some chlorides
are not soluble in water; the most common insoluble chloride is silver chloride, but
mercurous chloride, cuprous chloride, BiOCl, and AuCl; are not soluble, while PbCl,
and TICI are only partially soluble. A 3:1 mixture of HCl and HNO; is called aqua
regia, and has the ability to dissolve gold, platinum, and palladium. The mixture is also
very useful for stainless steels and many specialty alloys.

HNO; is an oxidizing acid; it has the ability to convert the solutes to higher
oxidation states. It can be used alone for dissolving a number of elements, including
nickel, copper, silver, and zinc. The problem with the use of HNOj by itself is that it
often forms an insoluble oxide layer on the surface of the sample that prevents continued
dissolution. For this reason, it is often used in combination with HCl, H,SO,, or HF. A
mixture of HNO; and H,SO,4 or HNO; and HCIO, can be used to destroy the organic
material in an organic sample, by converting the carbon and hydrogen to CO, and
H,O when the sample is heated in the acid mixture. The trace metals in the sample
are left in solution. This use of acids to destroy organic matter is called wet ashing or
digestion, as has been noted. H,SO, is a strong oxidizing acid and is very useful in
the digestion of organic samples. Its main drawback is that it forms a number of insoluble
or sparingly soluble sulfate salts.

HF is a non-oxiziding, complexing acid like HCI. Its most important attribute is that
it dissolves silica-based substances like glass and many minerals. All or most of the silicon
is volatized on heating with sufficient HF. Glass beakers and flasks cannot be used to hold
or store even dilute HF. Teflon or other polymer labware and bottles are required. Com-
mercial “heatable” Teflon beakers with graphite bottoms are available for use on hot
plates. HF is used in acid mixtures to dissolve many refractory elements and minerals
by forming fluoride complexes; such elements include tungsten, titanium, niobium and
tantalum, among others. Some elements can be lost as volatile fluorides (e.g., Si, B, As,
Ge, and Se). There are a number of insoluble fluoride compounds, including most of
the alkaline earth elements (Ca, Mg, Ba, and Sr) and the rare earth elements (lanthanides).
Table 1.11 gives examples of some typical acid digestions.

Some bases, such as sodium hydroxide and tetramethylammonium hydroxide, are
used for sample dissolution, as are some reagents that are not acids or bases, like hydrogen
peroxide. The chemical literature contains sample dissolution procedures for virtually
every type of material known and should be consulted. For elements and inorganic com-
pounds, the CRC Handbook of Chemistry and Physics gives guidelines for dissolution in
the tables of physical properties of inorganic compounds.
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Table 1.11 Common Acid Dissolutions of Metals, Alloys, and Materials for Inorganic
Compositional Analysis

Total volume of

Material® reagent (mL) Reagent (vol:vol)
Elements

Copper metal 20 1:1 HNO5/H,0

Gold metal 30 3:1 HCI/HNO;

Iron metal 20 1:1 HCI/H,O

Titanium metal 20 H,S04, 3-5 drops HNO;

Zinc metal 20 HCI

Zirconium metal 15 HF

Alloys

Copper alloys 30 1:1 HNO5/H,0

Low alloy steels 20 3:1 HCI1/HNO;

Stainless steels 30 1:1 HNO5/HCl

Titanium alloys 100 1:1 HC1/H,0, 3-5 drops HNO;
Zinc alloys 30 1:1 HC1/H,0, dropwise HNO3
Zirconium alloys 40 1:1 H,SO,4/H,0, 2 mL HF dropwise
Other materials

Borosilicate glass 12 10 mL HF 4+ 2 mL 1:1 H,SO,/H,0
Dolomite 40 1:1 HCI/H,0

Gypsum 50 1:1 HCI/H,0O

Portland cement 20 HCl + g NH,Cl

Silicate minerals 30 10 mL HF 4 20 mL HNO;
Titanium dioxide 15 HF

Zinc oxide 15 1:1 HCI/H,O

Note: “Dropwise” means add drop by drop until dissolution is complete.

Source: Extracted, with permission, from Dulski. Copyright ASTM International, 100 Barr Harbor Drive, West
Conshohocken, PA 19428.

“A 1 g test portion is used; warm to complete reaction.

1.4.2. Fusions

Heating a finely powdered solid sample with a finely powdered salt at high temperatures
until the mixture melts is called a fusion or molten salt fusion. The reacted and cooled
melt is leached with water or dilute acid to dissolve the analytes for determination
of elements by atomic spectroscopy or ICP-MS. Often, the molten fusion mixture is
poured into a flat bottomed mold and allowed to cool. The resulting glassy disk is used
for quantitative XRF measurements. Molten salt fusions are useful for the dissolution of
silica-containing minerals, glass, ceramics, ores, human bone, and many difficultly
soluble materials like carbides and borides. The salts used (called “fluxes”) include
sodium carbonate, borax (sodium tetraborate), lithium metaborate, and sodium peroxide.
The fusions are carried out over a burner or in a muffle furnace in crucibles of the appropriate
material. Depending on the flux used and the analytes to be measured, crucibles may be
made of platinum, nickel, zirconium, porcelain, quartz, or glassy carbon. Automated
“fluxers” are available that will fuse up to six samples at once and pour the melts into
XRF molds or into beakers, for laboratories that perform large numbers of fusions. The
drawback of fusion is that the salts used as fluxes can introduce many trace element contami-
nants into the sample, the crucible material itself may contaminate the sample, and the
elements present in the flux itself cannot be analytes in the sample. Fusion cannot be
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used for boron determinations if the flux is borax or lithium metaborate, for example.
Platinum crucibles cannot be used if trace levels of platinum catalyst are to be determined.
Table 1.12 gives examples of typical fusions employed for materials.

1.4.3. Dry Ashing and Combustion

To analyze organic compounds or substances for the inorganic elements present, it is often
necessary to remove the organic material. Wet ashing with concentrated acids has been
mentioned as one way of doing this. The other approach is “dry ashing”, that is, ignition
of the organic material in air or oxygen. The organic components react to form gaseous
carbon dioxide and water vapor, leaving the inorganic components behind as solid
oxides. Ashing is often done in a crucible or evaporating dish of platinum or fused
silica in a muffle furnace. Volatile elements will be lost even at relatively low tempera-
tures; dry ashing cannot be used for the determination of mercury, arsenic, cadmium,
and a number of other metals of environmental and biological interest for this reason.
Oxygen bomb combustions can be performed in a high-pressure steel vessel very
similar to a bomb calorimeter. One gram or less of organic material is ignited electrically
in a pure oxygen atmosphere with a small amount of absorbing solution such as water or
dilute acid. The organic components form carbon dioxide and water and the elements of
interest dissolve in the absorbing solution. Combustion in oxygen at atmospheric pressure
can be done in a glass apparatus called a Schéniger flask. The limitation to this technique is
sample size; no more than 10 mg sample can be burned. However, the technique is used to
obtain aqueous solutions of sulfur, phosphorus, and the halogens from organic compounds
containing these heteroatoms. These elements can then be determined by ion selective
potentiometry, ion chromatography, or other methods.

1.4.4. Extraction

The sample preparation techniques earlier discussed are used for inorganic samples or for
the determination of inorganic components in organic materials by removing the organic
matrix. Obviously, they cannot be used if we want to determine organic analytes. The most
common approach for organic analytes is to extract the analytes out of the sample matrix
using a suitable solvent. Solvents are chosen with the polarity of the analyte in mind, since
“like dissolves like”. That is, polar solvents dissolve polar compounds, while nonpolar

Table 1.12 Molten Salt Fusions of Materials

Material® Dissolution procedure
Bauxite 2 g Na,COg; Pt c&l

Corundum 3 g Na,CO3 + 1 g H3BOg3; Pt c&l
Iron Ores 5 g NayO, + 5 g Na,COg3; Zr c&l
Niobium alloys 10 g K,S,07; fused silica crucible
Silicate minerals 10 g 1:1 Na,CO3:Na,B,07; Pt c&l
Tin ores 10 g Na,O, + 5 g NaOH; Zr c&l
Titanium ores 7 g NaOH + 3 g Na,Oy; Zr c&l
Tungsten ores 8 g 1:1 Na,CO3/K,COs5; Pt c&l

Note: C&l = crucible and lid.

Source: Extracted, with permission, from Dulski. Copyright ASTM
International, 100 Barr Harbor Drive, West Conshohocken, PA 19428.

?A 1 g test portion is used.
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solvents dissolve nonpolar compounds. Common extraction solvents include hexane,
methylene chloride, methyisobutyl ketone (MIBK), and xylene.

1.4.4.1. Solvent Extraction

Solvent extraction is based on preferential solubility of an analyte in one of two immisci-
ble phases. There are two common situations that are encountered in analysis: extraction
of an organic analyte from a solid phase, such as soil, into an organic solvent for sub-
sequent analysis, and extraction of an analyte from one liquid phase into a second immis-
cible liquid phase, such as extraction of polychlorinated biphenyls from water into an
organic solvent for subsequent analysis.

The liquid—liquid extraction is similar to what happens when you shake oil and
vinegar together for salad dressing. If you pour the oil and vinegar into a bottle carefully,
you will have two separate clear layers, because the oil and vinegar are not soluble in each
other (they are immiscible). You shake the bottle of o0il and vinegar vigorously and the
“liquid” gets cloudy and you no longer see the two separate phases; on standing, the
two immiscible phases separate into clear liquids again. Our two immiscible solvents
will be called solvent 1 and solvent 2. The analyte, which is a solute in one of the
phases, say solvent 2, will distribute itself between the two phases on vigorous shaking.
After allowing the phases to separate, the ratio of the concentration of analyte in the
two phases is approximately a constant, Kp:

Kp = Al (1.16)

[Al,
Kp is called the distribution coefficient and the concentrations of A, the analyte, are shown
in solvent 1 and solvent 2. A large value of Kp means that the analyte will be more soluble
in solvent 1 than in solvent 2. If the distribution coefficient is large enough, most of the
analyte can be extracted quantitatively out of solvent 2 into solvent 1. The liquid contain-
ing the analyte and the extracting solvent are usually placed into a separatory funnel,
shaken manually, and the desired liquid phase drawn off into a separate container. The
advantages of solvent extraction are to remove the analyte from a more complex
matrix, to extract the analyte into a solvent more compatible with the analytical instrument
to be used, and to preconcentrate the analyte. For example, organic analytes can
be extracted from water using solvents such as hexane. Typically, 1 L of water is extracted
with 10—50 mL of hexane. Not only is the analyte extracted, but it is also now more con-
centrated in the hexane than it was in the water.
The analyte % extracted from solvent 2 into solvent 1 can be expressed as:

[Al; V1

%F = ———————
[AL V2 +[A] V)

x 100 1.17)
where %FE is the percent of analyte extracted into solvent 1, the concentration of analyte in
each solvent is expressed in molarity; V, and V, are the volumes of solvents 1 and 2,
respectively. The percent extracted is also related to Kp:

_ 100Kp
Kp + (V2/Vy)
The percent extracted can be increased by increasing the volume of solvent 1, but it
is more common to use a relatively small volume of extracting solvent and repeat the

extraction more than once. The multiple volumes of solvent 1 are combined for analysis.
Multiple small extractions are more efficient than one large extraction.

BE (1.18)
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Liquid-liquid extraction is used extensively in environmental analysis to extract
and concentrate organic compounds from aqueous samples. Examples include the extrac-
tion of pesticides, PCBs, and petroleum hydrocarbons from water samples. Extraction is
also used in the determination of fat in milk. Liquid—liquid extraction can be used to sep-
arate organometallic complexes from the matrix in clinical chemistry samples such as
urine. For example, heavy metals in urine can be extracted as organometallic complexes
for determination of the metals by flame AAS. The chelating agent and a solvent such as
MIBK are added to a pH-adjusted urine sample in a separatory flask. After shaking and
being allowed to stand, the organic solvent layer now contains the heavy metals, which
have been separated from the salts, proteins, and other components of the urine matrix.
In addition to now having a “clean” sample, the metals have been extracted into a
smaller volume of solvent, increasing the sensitivity of the analysis. An added benefit is
that the use of the organic solvent itself further increases the sensitivity of flame AAS
measurement (as discussed in Chapter 6).

Extraction of organic analytes such as pesticides, PCBs, and fats from solid samples
such as food, soil, plants, and similar materials can be done using a Soxhlet extractor. A
Soxhlet extractor consists of a round bottom flask fitted with a glass sample/siphon
chamber in the neck of the flask. On top of the sample chamber is a standard water-
cooled condenser. The solid sample is placed in a cellulose or fiberglass porous holder,
called a thimble; the solvent is placed in the round bottom flask. Using a heating
mantle around the flask, the solvent is vaporized, condensed, and drips or washes back
down over the sample. Soluble analytes are extracted and then siphoned back into the
round bottom flask. This is a continuous extraction process as long as heat is applied.
The extracted analyte concentrates in the round bottom flask.

As you can imagine, performing these extractions manually is time consuming and
can be hard work (try shaking a 1L separatory funnel full of liquid for 20 min and
imagine having to do this all day!). There are several instrumental advances in solvent
extraction that have made extraction a more efficient process. These advances generally
use sealed vessels under elevated pressure to improve extraction efficiency and are classified
as pressurized fluid (or pressurized solvent) extraction methods. One approach is the Accel-
erated Solvent Extraction system, ASE®, from Dionex (www.dionex.com). This technique
is used for extracting solid and semisolid samples, such as food, with liquid solvents. The
technique is shown schematically in Fig. 1.7. ASE uses conventional solvents and mixtures
of solvents at elevated temperature and pressure to increase the efficiency of the extraction
process. Increased temperature, up to 200°C compared with the 70—80°C normal boiling
points of common solvents, accelerates the extraction rate while elevated pressure keeps
the solvents liquid at temperatures above their normal boiling points, enabling safe and
rapid extractions. Extraction times for many samples can be cut from hours using a conven-
tional approach to minutes, and the amount of solvent used is greatly reduced. Table 1.13
presents a comparison of the use of a commercial ASE system with conventional Soxhlet
extraction. Dozens of application examples, ranging from fat in chocolate through environ-
mental and industrial applications can be found at the Dionex website. The US EPA has
recognized ASE and other instruments that use pressure and temperature to accelerate
extraction of samples for environmental analysis by issuing US EPA Method 3545A
(SW-846 series) for Pressurized Fluid Extraction of samples. The method can be found at
WWW.usepa.gov.

A second approach also using high pressure and temperature is that of microwave
assisted extraction. The sample is heated with the extraction solvent in a sealed vessel by
microwave energy, as was described for microwave digestion. The temperature can be
raised to about 150°C with the already described advantages of high temperature and
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Figure 1.7  Accelerated solvent extraction technique. Courtesy of Dionex Corp., (Www.dionex.com).

high pressure. One limitation of microwave assisted extraction is that some solvents are
“transparent” to microwave radiation and do not heat; pure nonpolar solvents such as the
normal alkanes are examples of such transparent solvents. Several instrument companies
manufacture microwave extraction systems. Milestone Inc. (www.milestonesci.com) has
numerous applications on their website as well as video CDs of microwave extraction,
ashing, and digestion available. CEM (www.cem.com) also has applications notes available
for microwave extraction. An example of improved performance from a microwave extrac-
tion system vs. conventional extraction is shown in Table 1.14.

The third instrumental approach is the use of supercritical fluid extraction (SFE). A
supercritical fluid is a substance at a temperature and pressure above the critical point for
the substance. (You may want to review phase diagrams and the critical point on the phase
diagram in your general chemistry text.) Supercritical fluids are more dense and viscous
than the gas phase of the substance but not as dense and viscous as the liquid phase.
The relatively high density (compared with the gas phase) of a supercritical fluid allows
these fluids to dissolve nonvolatile organic molecules. Carbon dioxide, CO,, has a critical
temperature of 31.3°C and a critical pressure of 72.9 atm; this temperature and pressure
are readily attainable, making supercritical CO, easy to form. Supercritical CO, dissolves
many organic compounds, so it can replace a variety of common solvents; supercritical

Table 1.13 Comparison of Soxhlet Extraction with Accelerated Solvent Extraction

Average solvent used Average extraction time Average cost per
Extraction method per sample (mL) per sample sample (US $)
Manual Soxhlet 200-500 4-48h 27
Automated Soxhlet 50-100 1-4h 16
Accelerated solvent 15-40 12—18 min 14

extraction

Source: Information presented in this table courtesy of Dionex (www.dionex.com).



48 Chapter 1

Table 1.14 Comparison of Microwave Assisted Extraction with Conventional Solvent
Extraction for Herbicides in Soil Samples

Volume of
Extraction method Time (min) solvent (mL) % Recovery
Separatory funnel 15 25 42-47
Soxhlet 90 40 51-52
Microwave extraction 10 (90°C) 20 66-78

Source: Data in table courtesy of Milestone Inc. (www.milestonesci.com).

CO, is used widely as a solvent for extraction. The advantages of using supercritical CO,
include its low toxicity, low cost, nonflammability, and ease of disposal. Once the extrac-
tion is complete and the pressure returns to atmospheric pressure, the carbon dioxide
immediately changes to a gas and escapes from the opened extraction vessel. The pure
extracted analytes are left behind. Automated SFE instruments can extract multiple
samples at once at temperatures up to 150°C and pressures up to 10,000 psi (psi means
pounds per square inch and is not an SI unit; 14.70 psi = 1 atm). SFE instrument descrip-
tions and applications from one manufacturer, Isco, Inc., can be found at their website
(www.isco.com). The SFE methods have been developed for extraction of analytes
from environmental, agricultural, food and beverage, polymer and pharmaceutical
samples, among other matrices.

1.4.4.2. Solid Phase Extraction (SPE)

In solid phase extraction (SPE) the “extractant” is not an organic liquid, but a solid phase
material. Organic compounds are chemically bonded to a solid substrate such as silica beads
or polymer beads. The bonded organic layer interacts with organic analytes in the sample
solution and extracts them from the sample solution as it is poured through a bed of the
solid extractant. The excess solution is allowed to drain away, and interfering compounds
are washed off the extractant bed with a solution that does not remove the target analytes.
The extracted organic analytes are then eluted from the solid phase extractant by passing
a suitable organic solvent through the bed. The interactions that cause the analytes to be
extracted are those intermolecular attractive forces you learned about in general chemistry:
van der Waals attractions, dipole—dipole interactions, and electrostatic attractions.

The types of organic compounds that can be bonded to a solid substrate vary widely.
They can be hydrophobic nonpolar molecules such as Cg and C,g hydrocarbon chains, chains
with highly polar functional groups such as cyano (—C==N), amine (—NH,),
and hydroxyl (—OH) groups, and with ionizable groups like sulfonic acid anions
(—S03) and carboxylic acid anions (—CO;), to extract a wide variety of analytes.
The term sorbent is used for the solid phase extractant. Commercial SPE cartridges
have the sorbent packed into a polymer syringe body or disposable polymer pipet tip.
Figure 1.8(a) shows commercial plastic syringe-type cartridges with a variety of sorbents,
including several of those just mentioned, while Fig. 1.8(b) shows a schematic of how the
sorbent is packed and held in the cartridge. These are used only once, preventing cross-
contamination of samples and allowing the cleanup of extremely small sample volumes
(down to 1 pL), such as those encountered in clinical chemistry samples. Specialized
sorbents have been developed for the preparation of urine, blood, and plasma samples
for drugs of abuse, for example. Automated SPE systems that can process hundreds
of samples simultaneously are now in use in the pharmaceutical and biotechnology industries.
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Figure 1.8 (a) Commercial plastic syringe-type cartridges and (b) schematic of sorbent packing.
Courtesy of J.T. Baker, a division of Mallinckrodt Baker, Inc., (www.jtbaker.com).

SPE is used widely for the cleanup and concentration of analytes for analysis using
LC, HPLC, and LC-MS, discussed in Chapter 13. As you will see, the phases used in
HPLC for the separation of compounds are in many cases identical to the bonded solid
phase extractants described here. Detailed examples and applications notes are available
from a number of SPE equipment suppliers: J.T. Baker (www.jtbaker.com), Supelco
(www.sigma-aldrich.com/supelco), and Phenomenex (www.phenomenex.com) are a
few of the companies that supply these products.

1.4.4.3. Solid Phase Microextraction (SPME)

Solid phase microextraction (SPME, pronounced “spee-mee” by some users) is a
sampling technique developed first for analysis by GC; the use of SPME for GC and
related applications is discussed in greater detail in Chapter 12, Section 12.3. The solid
phase in this case is a coated fiber of fused silica. The coatings used may be liquid polymers
like poly(dimethylsiloxane) (PDMS), which is a silicone polymer. Solid sorbents or com-
binations of both solid and liquid polymers are also used. Figure 1.9(a) shows a commercial
SPME unit with the coated fiber inserted into a sample vial: the coated fiber tip is shown in
Fig. 1.9(b). No extracting solvent is used when the sample is analyzed by GC. The coated
fiber is exposed to a liquid or gas sample or to the vapor over a liquid or solid sample in a
sealed vial (this is called sampling the headspace) for a period of time. Analyte is adsorbed
by the solid coating or absorbed by the liquid coating on the fiber and then thermally des-
orbed by insertion into the heated injection port of the gas chromatograph. The process is
shown schematically in Fig. 1.10.

Unlike solvent extraction, the entire amount of analyte is not extracted. The amount
of analyte extracted by the coated fiber is proportional to the concentration of analyte in
the sample. This will be true if equilibrium between the fiber and the sample is achieved
or before equilibrium is achieved if the sampling conditions are controlled carefully.
SPME sampling and desorption can be used for qualitative and quantitative analyses.
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Figure 1.9 (a) A commercial SPME unit with the coated fiber (b) inserted into a sample vial.
Reprinted with permission of Supelco, Bellefonte, PA 16823, USA (www.sigma-aldrich.com).

Quantitative analysis using external calibration, internal standard calibration, and the
method of standard additions are all possible with SPME. Calibration is discussed in
Section 1.5.2 and at greater length in Chapter 2.

SPME sampling is used for a wide variety of analytes, including environmental
pollutants, volatiles from botanical samples (e.g., used to identify tobacco species),
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Figure 1.10 Schematic of the SPME process. Reprinted with permission of Supelco, Bellefonte,
PA 16823, USA (www.sigma-aldrich.com).
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explosives, and chemical agent residues. Gasoline and other accelerants in the headspace
over fire debris can be sampled with SPME to determine whether arson may have caused
the fire. As little as 0.01 L of gasoline can be detected. Gas samples such as indoor air
and breath have been sampled using SPME. Liquid samples analyzed by either immersion
of the fiber into the sample or sampling of the headspace vapor include water, wine, fruit
juice, blood, milk, coffee, urine, and saliva. Headspace samplings of the vapors from solids
include cheese, plants, fruits, polymers, pharmaceuticals, and biological tissue. These
examples and many other applications examples are available in pdf format and on CD
from Supelco at www.sigma-aldrich.com/supelco. SPME probes that are the size of a
ballpoint pen (Fig. 1.11) are available for field sampling (e.g., see www.fieldforensics.com
or www.sigma-aldrich.com/supelco). These can be capped and taken to an on-site mobile
lab or transported back to a conventional laboratory for analysis.

While SPME started as a solvent-free extraction system for GC analysis, it can now
also be used to introduce samples into an HPLC apparatus. A new SPME-HPLC inter-
face, Fig. 1.12, allows the use of an SPME fiber to sample nonvolatile analytes such as
nonionic surfactants in water, and elute the analyte into the solvent mobile phase used
for the HPLC analysis. The sampling process and elution are shown schematically in
Fig. 1.10. HPLC and its applications are covered in Chapter 13.

1.5. PERFORMING THE MEASUREMENT

To determine an analyte using an instrumental method of analysis, we must establish
the relationship between the magnitude of the physical parameter being measured and

Figure 1.11 An SPME probe the size of a ballpoint pen. Reprinted with permission of Supelco,
Bellefonte, PA 16823, USA (www.sigma-aldrich.com).
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Figure 1.12 A new SPME-HPLC interface. Reprinted with permission of Supelco, Bellefonte,
PA 16823, USA (www.sigma-aldrich.com).

the amount of analyte present in the sample undergoing the measurement. In most
analyses, the measurement is made and then a calculation is performed to convert the
result of the measurement into the amount of analyte present in the original sample.
The calculation accounts for the amount of sample taken and dilutions required in the
process of sample preparation and measurement.

In an instrumental method of analysis, a detector is a device that records a change in
the system that is related to the magnitude of the physical parameter being measured. We
say that the detector records a signal. If the detector is properly designed and operated, the
signal from the detector can be related to the amount of analyte present in the sample
through a process called calibration. Before we discuss calibration, we need to understand
a little about what the detector is recording. A detector can measure physical, chemical, or
electrical changes or signals, depending on its design. A transducer is a detector that con-
verts nonelectrical signals to electrical signals (and vice versa). There are transducers used
in spectroscopic instruments that convert photons of light into an electrical current, for
example. Another term used in place of detector or transducer is sensor. The operation
of specific detectors is covered in the chapters on the different instrumental methods
(Chapters 3—16).

1.5.1. Signals and Noise

Instrumental analysis uses electronic equipment to provide chemical information about the
sample. Older instruments used vacuum tubes and output devices like strip chart recorders,
while modern instruments use semiconductor technology and computers to control the
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instrument, collect signals, process and report data. Fundamentals of modern instrument
electronics are covered in the text by Malmstadt et al. listed in the bibliography.

All instruments measure some chemical or physical characteristic of the sample,
such as how much light is absorbed by the sample at a given wavelength, the mass-to-
charge ratio of an ion produced from the sample, or the change in conductivity of a
wire as the sample passes over it. A detector of some type makes the measurement and
the detector response is converted to an electrical signal. The electrical signal should be
directly related to the chemical or physical property being measured and that should be
related to the amount of analyte present. Ideally, the signal would represent only infor-
mation related to the analyte. When no analyte is present, there should be no signal.
For example, in Fig. 1.13 we are looking at signals from a spectrometer that is measuring
the amount of light emitted by a sample at a given wavelength. The three traces in Fig. 1.13
show a peak, which is the signal at the emission wavelength. The response on either side
of the peak is called the baseline.

An ideal signal for intensity of light emitted by the analyte vs. wavelength would be a
smooth baseline when no light is emitted and a smooth peak at the emission wavelength, as
shown in Fig. 1.13(a). In this case, when the instrument does not detect the analyte, there is no
signal, represented by the flat baseline. When the instrument does detect the analyte, the signal
increases. When the instrument no longer detects the analyte, the signal decreases back to the
baseline. In this case the entire signal (the peak) is attributed to the analyte. In practice,
however, the recorded signal and baseline are seldom smooth, but include random signals
called noise. All measured signals contain the desired information about the analyte and unde-
sirable information, including noise. Noise can originate from small fluctuations of various
types in the instrumentation, in the power provided to the instrument, from external
sources such as TV and radio stations, other instruments nearby, building vibrations, electrical
motors and similar sources, and even from fundamental quantum effects that cannot be elimi-
nated. Provided that the signal is sufficiently greater than the noise, it is not difficult to make a
reliable measurement of the desired analyte signal. The signal-to-noise ratio, S/N, is a useful
quantity for comparing analytical methods or instruments.

(a)

(b}

(c)

Figure 1.13 Signal vs. wavelength with different noise levels: (a) no detectable noise, (b) mod-
erate noise, and (c) high noise.
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In Fig. 1.13(b) the noise level is increased over that in Fig. 1.13(a) and is superim-
posed on the signal. The value of the signal is less certain as a result of the noise. The
measurement is less precise, but the signal is clearly discernible. In Fig. 1.13(c) the
noise level is as great as the signal, and it is virtually impossible to make a meaningful
measurement of the latter. It is very important to be able to separate data-containing
signals from noise. When the signal is very weak, as it might be for trace amounts of
analyte, the noise must be reduced or the signal enhanced. Noise is random in nature;
it can be either positive or negative at any given point, as can be seen in Fig. 1.13(b)
and (c). Because noise is random, it can be treated statistically.

If we consider the signal S to be our measured value, the noise N is the variation in
the measured value when repeat measurements of the same sample are made. That is, the
noise can be defined as the standard deviation s of repeat measurements; the signal S is
then the average value of the measurement, x. While making the repeat measurements
at the peak maximum would provide the best estimate of the signal-to-noise ratio at the
exact point we want to measure, there are some difficulties associated with this approach.
One is that the noise measured at the peak maximum may be hard to detect, as a small
variation in a large signal is more difficult to measure than a large variation in a small
signal. A second problem is that the signal-to-noise ratio will be dependent on the size
of the signal if measured at the peak maximum. In practice, the noise is often measured
along the baseline where the signal should be zero, not at the peak maximum. An easy
way to measure the noise in Fig. 1.13(b) is to use a ruler to measure the maximum ampli-
tude of the noise somewhere away from the signal along the baseline. The magnitude
of the noise is independent of the magnitude of the signal along the baseline. The signal
magnitude is measured from the middle of the baseline to the middle of the “noisy” peak.
The middle of the baseline has to be estimated by the analyst. The effect of noise on the
relative error of the measurement decreases as the signal increases.

S X mean
—_———_= 1.19
N5 (1.19)

~ std. dev.

There are several types of noise encountered in instrumental measurements. The first is
white noise, the random noise seen in Fig. 1.13(b) and (c). White noise can be due to
the random motions of charge carriers such as electrons; the random motion results in
voltage fluctuations. This type of white noise is called thermal noise. Cooling the detector
and other components in an instrument can reduce thermal noise. A second type of white
noise is shot noise, which occurs when charge carriers cross a junction in an electric
circuit. Drift or flicker noise is the second major type of instrumental noise. It is inversely
proportional to the frequency of the signal being measured and is most significant for low
frequencies. The origin of drift or flicker noise is not well understood. The third type of
instrumental noise is that due to the surroundings of the instrument, such as the line
noise due to the power lines to the instrument or building vibrations. Some of this type
of noise is frequency dependent and may occur at discrete frequencies.

Improvement in S/N requires that the signal be different from the noise in some way.
Most differences can be expressed in terms of time correlation or frequency. To increase
S/N, either the noise must be reduced or the signal enhanced, or both must occur. There
are a variety of hardware and software approaches to reduce noise in instruments. External
sources of noise can be eliminated or reduced by proper grounding and shielding of
instrument circuits and placement of instruments away from drafts, other instruments,
and sources of vibration. The intrinsic noise can be reduced using a variety of electronic
hardware such as lock-in amplifiers, filters, and signal modulators. Signals can be enhan-
ced by a variety of computer software programs to perform signal averaging, Fourier
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transformation, filtering, and smoothing. Many of these software programs can be
(and are) applied after the data has been collected. Many of the hardware methods for
reducing noise are now being replaced by computer software methods, since even
simple instruments now put out data in digital form. The discussion of analog to
digital conversion and details of methods for S/N enhancement are beyond the scope of
the text; the references by Enke, Malmstadt et al. and Skoog et al. can be consulted
for details.

Signal averaging is one way to improve S/N; repetitive measurements are made and
averaged. In this instance advantage is taken of the fact that noise is random but the signal
is additive. If a signal, such as that shown in Fig. 1.13(b), is measured twice and the results
added together, the signal will be twice as intense as the first measurement of the signal.
If n measurements are made and added together, the signal will be n times as intense as
the first signal. Because noise is random, it may be positive or negative at any point.
If » measurements are added together, the noise increases only as the square root of
n, or n'/?. Since S increases by a factor of n, and N increases by n'/ 2, S/N increases
by n/n]/ 2=pl/2 Averaging multiple signal measurements will improve the signal-
to-noise ratio by a factor of n'/2 as shown in Fig. 1.14. Therefore to improve the S/N
ratio by 10, about 100 measurements must be made and averaged. The disadvan-
tage to signal averaging is the time required to make many measurements. Some
instrumental methods lend themselves to rapid scanning, but others such as chromato-
graphy do not.

Instruments that use Fourier transform (FT) spectroscopy, introduced in Chapter 2,
collect the entire signal, an interferogram, in a second or two. Hundreds of measurements
can be made, stored by a computer and averaged by an FT instrument very quickly, greatly
improving the signal-to-noise ratio using this approach. The FT approach discriminates
signal from noise based on frequency. An FT is a mathematical transformation that
converts a variable measured as a function of time, f(¢), into a function of reciprocal time,
f(1/1). A function of reciprocal time is also a function of frequency. The FT permits
the removal of noise that differs in frequency from the signal and also permits enhance-
ment of frequencies associated with the signal. FT and a related algorithm, the fast
Fourier transform (FFT) are now available as part of many data handling software
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Figure 1.14 Improvement in the signal-to-noise ratio by averaging multiple signal measurements.



56 Chapter 1

packages. (FFT is an algorithm for efficiently computing FT.) The use of FT is required to
process data from experiments based on interferometry, such as FT-IR spectroscopy
(Chapter 4), from pulsed NMR experiments (FT-NMR, Chapter 3), and the signal
pulses from cyclotron resonance MS experiments (FT-MS, Chapter 9).

The signal-to-noise ratio is a limiting factor in making analytical measurements. It is
theoretically possible to measure any signal in any noise level, provided the measurements
are taken over a long enough period of time or repeated enough times to accumulate the
signal. In practice, there is usually a limitation on the number of measurements that can
be made, owing to factors such as time, cost, amount of sample, and the inherent limitations
of the instrument. If many measurements are made over too long a period of time,
other sources of error may occur in the measurement and these types of errors may not
be random.

1.5.2. Plotting Calibration Curves

Calibration is the process of establishing the relationship between the instrument signal
we measure and known concentrations of the analyte. Samples with known concentrations
or amounts of analyte used to establish this signal—concentration relationship are called
“calibration standards”. Calibration approaches are covered in detail in Chapter 2 but it
suffices to say that usually a series of known calibration standards is analyzed and a
signal is measured for each. Calibration standards with a range of concentrations are pre-
pared and measured. The magnitude of the signal for each standard is plotted against the
concentration of the analyte in the standard and the equation that relates the signal and the
concentration is determined. Once this relationship, called a calibration curve, is estab-
lished, it is possible to calculate the concentration of the analyte in an unknown sample by
measuring its signal and using the equation that has been determined. The calibration
curve is a plot of the sets of data points (x;, y;) where x is the concentration or amount
of analyte in the standards and y is the signal for each standard. Many calibration
curves are in fact straight-line relationships or have a linear region, where the concen-
tration of analyte is related to the signal according to the equation y = mx + b. The
slope of the line is m and the intercept of the line with the y-axis is b. Properly plotting
the calibration curve is critical to obtaining accurate results. We have already learned
that all measurements have uncertainty associated with them. The calibration curve also
has uncertainty associated with it. While using graph paper and a ruler and trying to
draw the best straight line through the data points manually can be used to plot calibration
curves, it is much more accurate to use the statistical programs on a calculator, in a spread-
sheet, or in an instrument’s computer data system to plot calibration curves and determine
the equation that best fits the data. The use of graphing calculators, computerized data
handling, and spreadsheets also permits the fitting of nonlinear responses to higher
order equations accurately.

We will assume that the errors in the measured signal, y, are significantly greater
than any errors in the known concentration, x. In this case, the best-fit straight line is
the one that minimizes vertical deviations from the line, that is, the line for which the
sum of the squares of the deviations of the points from the line is the minimum. This
fitting technique is called the method of least squares. For a given x;, y;, and the line
y = mx + b, the vertical deviation of y; from y = (y; — y). Each point has a similar devi-
ation, so the sum of the squares of the deviations is:

D=) (yi—y’ = [yi—(m;+b] (1.20)
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To obtain the slope m and the intercept b of the best-fit line requires the use of
calculus and the details will not be covered in this text. The results obtained are:

Ny Xy — Y XY vi (1.21)
ny - (Xx)
b=%—mx (1.22)

Expressions for the uncertainty in the measured value, y, in the slope, and in the
intercept are similar to the expressions for the standard deviation [Eq. (1.9)]. Two
degrees of freedom are lost in the expression for the uncertainty in y, because both the
slope and intercept have been defined.

z, . \/2, (i <mx+b>>2

5, = (1.23)
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Sm _‘/Z(ic—xi) (1.24)
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Equation (1.23) defines the uncertainty in y, s,; Eq. (1.24) gives the uncertainty in
the slope, s,,, and Eq. (1.25) gives the uncertainty in the intercept, s,. The uncertainty
in x; is calculated using all the associated variances, as has been discussed in Section
1.3.5. The use of a spreadsheet program such as Microsoft Excel® to plot a calibration
curve eliminates the need to do manual calculations for least squares and the associated
statistics. The Excel program permits the calculation of the best-fit equation using
linear least squares regression (as well as many nonlinear curve fitting routines). The
program also calculates the correlation coefficient, r, for the line. A correlation coeffi-
cient with a value of 1 means that there is a direct relationship between x and y; the fit
of the data to a straight line is perfect. A correlation coefficient of 0 means that x and y
are completely independent. The range of the correlation coefficient is from 1 to —1.
Most linear calibration curves should have a correlation coefficient of 0.99 or greater. Stat-
istics programs usually calculate the square of the correlation coefficient, 2, which is a more
realistic measure of the goodness-of-fit of the data. It is always a good idea to plot the data
graphically so that it can be looked at, to ensure that the statistical calculations are not
misleading about the goodness-of-fit.

Modern computerized analytical instruments have quantitative analysis programs that
allow the analyst to specify the calibration standard concentrations, select the curve-fitting
mode, and calculate the results of the samples from the calibration curve equation. Many of
these programs will rerun outlier standards and samples automatically, flag suspect data,
compute precision and recovery of spikes, track reference standards for quality control,
and perform many other functions that used to be done manually by the analyst.

1.6. ASSESSING THE DATA

A good analytical method should be both precise and accurate; that is, it should be reliable
or robust. A robust analytical method is one that gives precise and accurate results even if
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small changes are made in the method parameters. The robustness of a method is assessed
by varying the parameters in the analysis such as temperature, pH, reaction time, and so
on, and observing the effect of these changes on the results obtained. The specificity of a
method refers to the ability of the method to determine the analyte accurately in the pre-
sence of interferences. Method development should include checking the response of the
method to other chemicals known to be in the sample, to possible degradation products,
and to closely related compounds or elements. Ideally, the analytical method would be
specific for only the analyte of interest. It is possible that analytical methods published
in the literature may appear to be valid by a compensation of errors; that is, although
the results appear accurate, the method may have involved errors that balanced each
other out. When the method is used in another laboratory, the errors may differ and not
compensate for each other. A net error in the procedure may result. This is an example
of a method that is not reliable or robust. It is always prudent to run known reference
samples when employing a method from the literature to evaluate its reliability.

The sensitivity of an analytical method can be defined as the slope of the calibration
curve, that is, as the ratio of change in the instrument response with a change in the analyte
concentration. Other definitions are also used. In AAS, sensitivity is defined as the concen-
tration of analyte that produces an absorbance of 0.0044 (an absorption of 1%), for
example. When the term sensitivity is used, it should be defined.

Once the relationship between the signal and analyte concentration (i.e., the calibration
curve) has been established, the linear working range of the method can be determined. The
range is that interval between (and including) the lowest and highest analyte concentrations
that have been demonstrated to be determined with the accuracy, precision, and linearity of
the method. Linear working ranges vary greatly among instrumental methods, and may
depend on the instrument design and the detector used, among other factors. Some instru-
ments, such as a gas chromatograph with an electron capture detector or an atomic absorption
spectrometer, have short linear ranges of one to two orders of magnitude. Other instruments,
like ICP atomic emission spectrometers, may have linear ranges of five orders of magnitude,
while mass spectrometers may be linear over nine orders of magnitude. All results should fall
within the linear range of the method. This may require dilution of samples with analyte con-
centrations that are higher than the highest calibration standard in order to bring the signal
into the known linear response region. Extrapolating beyond the highest standard analyzed
is very dangerous because many signal—concentration relationships become nonlinear at
high levels of analyte. Extrapolating below the lowest standard analyzed is also very
dangerous because of the risk of falling below the limit of quantitation. If samples fall
below the lowest calibration standard, they may need to be concentrated to bring them
into the working range.

1.6.1. Limit of Detection

All measurements have noise and the magnitude of the noise limits the amount of analyte
that can be detected and measured. As the concentration of analyte decreases, the signal
decreases. At some point, the signal can no longer be distinguished from the noise, so
the analyte can no longer be “detected”. Because of noise, it is not possible to say that
there is no analyte present; it is only possible to establish a detection limit. Detection
is the ability to discern a weak signal in the presence of background noise, so reducing
the noise will permit the detection of smaller concentrations of analyte. The limit of detec-
tion (LOD) is the lowest concentration of analyte in a sample that can be detected.
Detected does not mean that this concentration can be measured quantitatively; it only
specifies whether an analyte is above or below a certain value, the LOD. One
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common approach to establishing the LOD is to measure a suitable number of replicates
(8—10 replicates is common) of an appropriate blank or low concentration standard and
determine the standard deviation of the blank signal. The blank measures only the back-
ground or baseline noise. The LOD is then considered to be the concentration of analyte
that gives a signal that is equal to two or three times the standard deviation of the blank.
This is equivalent to defining the LOD as that concentration at which the S/N ratio = 2 at
95% CL or 3 at 99% CL.

LOD = Xpank = 20blank OF = Xplank T 3 Oblank (1.26)

The use of 20 results in an LOD with a 95% CL, that is, there is a 5% risk of a false
positive or false negative. The use of 30 is now more common and often specified by
regulatory methods such as those of the US EPA; it results in an LOD with a 99% CL.

There are other approaches used for calculating LODs; it is important to specify
exactly how an LOD has been determined in an analytical method. The calculated LOD
should be validated by analyzing standards whose concentrations are below, at, and
above the LOD. Any “results” from samples that fall below the established detection
limit for the method are reported as “not detected” or as “<LOD”. They should not be
reported as numerical values except as “<the numerical value of the LOD”; for
example, <0.5 ppb if the LOD is 0.5 ppb for this analysis.

1.6.2. Limit of Quantitation

The precision of an analysis at or near the detection limit is usually poor compared with the
precision at higher concentrations. This makes the uncertainty in the detection limit and in
concentrations slightly above the detection limit also high. For this reason, many regulatory
agencies define another limit, the limit of quantitation (LOQ), which is higher than the
LOD and should have better precision.

The LOQ is the lowest concentration of analyte in a sample that can be determined
quantitatively with a given accuracy and precision using the stated method. The LOQ is
usually defined as that concentration equivalent to a signal-to-noise ratio of 10/1. The
LOQ can also be determined from the standard deviation of the blank; the LOQ is 10x
the standard deviation of the blank, expressed in concentration units. The LOQ is stated
with the appropriate accuracy and precision and should be validated by running standards
at concentrations that can confirm the ability of the method to determine analyte with the
required accuracy and precision at the LOQ.

Analytical results that fall between the LOD and the LOQ should be reported as
“detected but not quantifiable”. These results are only estimates of the amount of analyte
present, since by definition, they cannot be determined quantitatively.

Note: In this chapter and in the following chapters, the websites for many instrument
manufacturers, government agencies, and so on are given. While there are many useful
technical notes, applications examples, tutorials, and some very useful photographs and
videos on commercial websites, it should be understood by the student that these publi-
cations and tutorials are in most cases not peer-reviewed. The information should be
treated accordingly. In addition, the student will find that there are many on-line forums
(message boards, chat rooms) dedicated to analytical chemistry and to specific techniques
in analytical chemistry. While these can be valuable, not all of the information provided on
these types of sites is accurate and students are encouraged to use the peer-reviewed
literature as the first source of answers to your questions.
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PROBLEMS

1.1 (a) Define determinate error and give two examples of determinate errors.
(b) In preparing a sample solution for analysis, the pipet used actually deliv-
ered 4.92 mL instead of the 5.00 mL it was supposed to deliver. Would
this cause determinate or indeterminate error in the analysis of this sample?
1.2 (a) Define precision.
(b) Do determinate errors affect precision?
1.3 (a) Define accuracy.
(b) How can the accuracy of an analytical procedure be determined?
1.4 (a) What is the statistical definition of sigma (o)?
(b) What percentage of measurements should fall within + 20 of the true
value for a data set with no determinate error, assuming a Gaussian
distribution of random error?
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1.5

1.6

1.7

1.8

1.9

1.10

1.12

1.13

1.14

Calculate the standard deviation of the following set of measured values:
3.15, 3.21, 3.18, 3.30, 3.25, 3.13, 3.24, 3.41, 3.13, 3.42, 3.19

The true mass of a glass bead is 0.1026 g. A student takes four measurements
of the mass of the bead on an analytical balance and obtains the following
results: 0.1021 g, 0.1025 g, 0.1019 g, and 0.1023 g. Calculate the mean,
the average deviation, the standard deviation, the percentage relative
standard deviation, the absolute error of the mean, and the relative error of
the mean.

How many significant figures are there in each of the following numbers?
3.216, 32.1, 30, 3 x 10° 3.21 x 10° 321,000

Round off the following additions to the proper number of significant figures:

3.2 1.9632 1.0 x 10°
0.135 0.0013 1.321 x 10°
3.12 1.0 1.13216 x 10°
0.028 0.0234 432 x 10°

Total 6.483 2.9879 7.77316 x 10°

The following data set represents the results of replicate measurements of

lead, expressed as ppm Pb. What are (a) the arithmetic mean, (b) the standard

deviation, and (c) the 95% confidence limits of the data?

2.13,2.51, 2.15, 2.17, 2.09, 2.12, 2.17, 2.09, 2.11, 2.12

(d) Do any of the data points seem “out of line”” with the rest of the data? Are

any point(s) outside the 40 “rule of thumb” for rejecting suspect data? Should

the suspect data be ignored in the calculation?

(a) Explain the importance of good sampling.

(b) Give three examples of precautions that should be taken in sample
storage.

(a) Tllustrate the difference between precision and accuracy.

(b) Do indeterminate errors affect precision or accuracy?

The results in Problem 1.9 were obtained for the lead content of a food sample.

The recommended upper limit for lead in this food is 2.5 ppm Pb. (a) Are the

results greater than 2.5 ppm Pb with 95% confidence? (b) If the regulatory

level is decreased to allow no more than 2.00 ppm Pb, is the Pb content of

the food greater than 2.00 ppm with 95% confidence?

The determination of Cu in human serum is a useful diagnostic test for several

medical conditions. One such condition is Wilson’s disease, in which the serum

Cu concentration is lowered from normal levels and urine Cu concentration is

elevated. The result of a single copper determination on a patient’s serum was

0.58 ppm. The standard deviation o for the method is 0.09 ppm. If the serum

copper level is less than 0.70 ppm Cu, treatment should be started. Based on

this one result, should the doctor begin treatment of the patient for low serum

copper? Support your answer statistically. If the doctor were unsure of the

significance of the analytical result, how would the doctor obtain further infor-

mation?

Add the following concentrations and express the answer with the correct

units and number of significant figures:

325 x 107> M, 5.01 x 107*M, 8 x 10°°M
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With what confidence can an analytical chemist report data using o as the
degree of uncertainty?

The mean of eight replicate blood glucose determinations is 74.4 mg glucose/
100 mL blood. The sample standard deviation is 1.8 mg glucose/

100 mL blood. Calculate the 95% and the 99% confidence limits for the
glucose concentration.

An analysis was reported as 10.0 with o= 0.1. What is the probability of a
result occurring within (a) +0.3 or (b) +0.2 of 10.0?

Name the types of noise that are frequency dependent. Which types of noise
can be reduced by decreasing the temperature of the measurement?

The following measurements were obtained on a noisy instrument:

1.22, 1.43, 1.57, 1.11, 1.89, 1.02, 1.53, 1.74, 1.83, 1.62

(a) What is the signal-to-noise ratio, assuming that the noise is
random? (b) How many measurements must be averaged to increase the S/
N to 100?

Estimate the S/N ratio in Fig. 1.13(b) and (c). What is the improvement in
S/N from (c) to (b)? If the S/N value in (c) is the result of one measurement,
how many measurements must be made and averaged to achieve the S/N
value in (b)?

The tungsten content of a reference ore sample was measured both by X-ray
fluorescence (XRF) spectrometry, the standard method, and by inductively
coupled plasma-atomic emission spectrometry (ICP). The results as weight
percent tungsten are given in the following table. Are the results of the two
methods significantly different at the 95% confidence level? Is there any
bias in the ICP method? (Hint: The standard method can be considered to
have a mean = u.)

Replicate number XRF ICPp
1 3.07 292
2 2.98 2.94
3 2.99 3.02
4 3.05 3.00
5 3.01 2.99
6 3.01 297

Assuming that the results of many analyses of the same sample present
a Gaussian distribution, what part of the curve defines the standard
deviation o?

A liquid sample is stored in a clear glass bottle for the determination of trace
metals at the ppm level. What factors can cause the results to be (a) too low or
(b) too high?

Round off the following numbers according to the rules of significant figures:
(a) 10.2 + 3, (b) 10.0 + 3.967, (c) 11.05 + 4.1 x 1077, (d) 11.059 + 4.254,
and (e) 11.00 + 4.03.

Nitrate ion in potable water can be determined by measuring the absorbance
of the water at 220 nm in a UV/VIS spectrometer. The absorbance is pro-
portional to the concentration of nitrate ion. The method is described in
Standard Methods for Analysis of Water and Wastewater listed in the
bibliography. Calibrations standards were prepared and their absorbances
measured. The results are given in the following table. (Note: the absorbance
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1.26

1.27

1.28

1.29

1.30

1.31

1.32

of the blank, the 0.0 mg nitrate/L “standard” was set to 0.000 in this exper-
iment. A nonzero blank value is subtracted from all the standards before
the calibration curve is plotted and the equation calculated.)

Nitrate ion (mg/L)  Absorbance

0.00 0.000
1.00 0.042
2.00 0.080
5.00 0.198
7.00 0.281

(a) Make an x—y graph showing the experimental data with absorbance
plotted on the y-axis. (b) Determine the equation of the least squares line
through the data points, with y as absorbance and x as nitrate ion concen-
tration. (c) Calculate the uncertainty in the slope and intercept. (d) If you
have done this using a statistics program or spreadsheet, what is the value
of the correlation coefficient for the line?

(a) Name the instrumental methods that can be used for elemental qualita-
tive analysis.

(b) Name the instrumental methods that are used for elemental quantitative
analysis.

(a) Name the instrumental methods that can be used for molecular organic
functional group identification.

(b) What instrumental methods provide molecular structural information,
that is, indicate which functional groups are next to each other in an
organic molecule?

What instrumental methods are best for quantitative analysis of (a) complex

mixtures, (b) simple mixtures, or (c) pure compounds?

What instrumental methods can provide measurements of the molecular

weight of a molecule?

What is the purpose of a blank in an analysis? What is the purpose of a refer-

ence material or reference standard in an analysis?

Equation (1.26) shows how to calculate the LOD of a method at both the 95%

and 99% confidence levels. You have measured the blank for a determination

of arsenic in food samples by hydride-generation atomic fluorescence spec-
trometry. The blank values are:

0.23 ppb, 0.14 ppb, 0.16 ppb, 0.28 ppb, 0.18 ppb, 0.09 ppb, 0.10 ppb,

0.20 ppb, 0.15 ppb, and 0.21 ppb As

What is the LOD at (a) 95% CL and (b) 99% CL?

Based on your answer to problem 1.31, what are the respective method LOQs

for As at the two confidence levels?
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Introduction to Spectroscopy

2.1. THE INTERACTION BETWEEN ELECTROMAGNETIC
RADIATION AND MATTER

We know from our observation of rainbows that visible /ight (white light) is composed of a
continuum of colors from violet to red. If a beam of white light is passed through a beaker
of water, it remains white. If potassium permanganate is added to the water, the white light
appears purple after it passes through the solution. The permanganate solution allows the
red and blue components of white light to pass through but absorbs the other colors from
the original beam of light. This is one example of the interaction of electromagnetic radi-
ation, or light, with matter. In this case, the electromagnetic radiation is visible light and
we can see the effect of absorption of some of the light with our eyes. However, inter-
actions between electromagnetic radiation and matter take place in many ways and over
a wide range of radiant energies. Most of these interactions are not visible to the
human eye, but can be measured with suitable instruments.

Interaction of electromagnetic radiation and matter is not haphazard, but follows
well-documented rules with respect to the wavelengths of light absorbed or emitted and
the extent of absorption or emission. The subject of spectroscopy is the study of the inter-
action of electromagnetic radiation and matter.

2.1.1. What is Electromagnetic Radiation?

The nature of electromagnetic radiation baffled scientists for many years. At times light
appears to behave like a wave; at other times it behaves as though it were composed of
small particles. While we now understand the “wave—particle duality” of all matter,
including electromagnetic radiation, in terms of quantum mechanics, it is still convenient
to consider electromagnetic radiation as having the properties of waves in many cases.
Light waves can be represented as oscillating perpendicular electric and magnetic
fields. The fields are at right angles to each other and to the direction of propagation of
the light. The oscillations are sinusoidal in shape, as shown in Fig. 2.1. We can easily and
accurately measure the wavelength A defined as the crest-to-crest distance between two suc-
cessive maxima. The standard unit of wavelength is the SI unit of length, the meter (m), but
smaller units such as the centimeter (cm), micrometer (pm), and nanometer (nm) are
commonly used. The amplitude of the wave is defined as the maximum of the vector from
the origin to a point displacement of the oscillation. An example of the electric field portion of
a light wave propagating along only one axis is shown in Fig. 2.1. Such a wave, confined to
one plane, is called plane-polarized light. The wave shown represents only a single
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Figure 2.1 (a) A plane-polarized light wave in the x-direction, showing the mutually perpendi-
cular electric and magnetic field components. (b) The wavelength and amplitude of a wave.

wavelength, A. Light of only one wavelength is called monochromatic light. Light that con-
sists of more than one wavelength is called polychromatic light. White light is an example of
polychromatic light.

The frequency v of a wave is the number of crests passing a fixed point per second.
One crest-to-crest oscillation of a wave is called a cycle. The common unit of frequency is
the hertz (Hz) or inverse second (s~ '); an older term for frequency is the cycle per second
(cps). One hertz equals one cycle per second.

The wavelength of light, A, is related to its frequency, v by the equation:

c=Av 2.1

where c is the speed of light in a vacuum, 2.997 x 10® m/s, v is the frequency of the light
in inverse seconds (Hz), and A is the wavelength in meters. In a vacuum, the speed of light is
a maximum and does not depend on the wavelength. The frequency of light is determined
by the source and does not vary. When light passes through materials other than vacuum,
its speed is decreased. Because the frequency cannot change, the wavelength must
decrease. If we calculate the speed of light in air, it only differs by a very small amount
from the speed of light in vacuum; in general, we use 3.00 x 10® m/s (to three significant
figures) for the speed of light in air or vacuum.

In some cases it is more convenient to consider light as a stream of particles. We call
particles of light photons. Photons are characterized by their energy, E. The energy of a
photon is related to the frequency of light by the equation:

E=hv 2.2)
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where E is the energy in joules (J), 4 is Planck’s constant, 6.626 x 107347 s, and v is the
frequency in inverse seconds (Hz). From Egs. (2.1) and (2.2) we can deduce that

_hc
A

We can see from the relationships in Eqgs. (2.2) and (2.3) that the energy of electromagnetic
radiation is directly proportional to its frequency and inversely proportional to its
wavelength. Electromagnetic radiation ranges from very low energy (long wavelength,
low frequency) radiation, like radiowaves and microwaves, to very high energy (short wave-
length, high frequency) radiation, like X-rays. The major regions of the electromagnetic
spectrum of interest to us as analytical chemists are shown in Fig. 2.2. It is clear from
this figure that visible light, that portion of the electromagnetic spectrum to which the
human eye responds, is only a very small portion of all radiant energy. Table 2.1 presents
some common units and symbols for various types of electromagnetic radiation.

E 2.3)

2.1.2. How does Electromagnetic Radiation Interact with Matter?

Spectroscopy is the study of the interaction of radiant energy (light) with matter. We know
from quantum mechanics that energy is really just a form of matter, and that all matter
exhibits the properties of both waves and particles. However, matter composed of
molecules, atoms, or ions, which exists as solid or liquid or gas, exhibits primarily the
properties of particles. Spectroscopy studies the interaction of light with matter defined
as materials composed of molecules or atoms or ions.

In a gas, atoms or molecules are widely separated from each other; in liquids and
solids, the atoms or molecules are closely associated. In solids, the atoms or molecules
may be arranged in a highly ordered array, called a crystal, as they are in many minerals,
or they may be randomly arranged, or amorphous, as they are in many plastics. Whatever
their physical state or arrangement atoms, molecules, and ions are in constant motion. For
molecules, many types of motion are involved. Molecules can rotate, vibrate, and translate
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Figure 2.2 The electromagnetic spectrum. The visible light region is expanded to show the colors
associated with wavelength ranges.
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Table 2.1 Common Wavelength Symbols and Units for
Electromagnetic Radiation

Unit Symbol Length (m) Type of radiation
Angstrom A 10710 X-ray
Nanometer nm 107° UV, visible
Micrometer wm 1076 IR

Millimeter mm 1073 IR

Centimeter cm 1072 Microwave
Meter m 1 Radio

(move from place to place in space). Interaction with radiant energy can affect these mol-
ecular motions. Molecules that absorb IR radiation vibrate with greater amplitude; inter-
action with UV or visible light can move bonding electrons to higher energy levels in
molecules. A change in any form of motion or electron energy level involves a change
in the energy of the molecule. Such a change in energy is called a transition; we have
the possibility of vibrational transitions, rotational transitions, electronic transitions, and
so on in molecules. We have some of the same kinds of motion in atoms and ions;
atoms can move in space, and their electrons can move between energy levels, but
atoms or monoatomic ions cannot rotate or vibrate. The chemical nature of matter (its
composition), its physical state, and the arrangement of the atoms or molecules in the
physical state with respect to each other affect the way in which any given material inter-
acts with electromagnetic radiation. Table 2.2 lists some of the important types of tran-
sitions studied by spectroscopy. We will cover these techniques in detail in later
chapters. There are literally hundreds of types of transitions and types of spectroscopy
used to investigate matter. Only a few of the most common types of spectroscopy will
be covered in this text.

When light strikes a sample of matter, the light may be absorbed by the sample,
transmitted through the sample, reflected off the surface of the sample, or scattered by
the sample. Samples can also emit light after absorbing incident light; such a process is
called luminescence. There are different kinds of luminescence, called fluorescence or
phosphorescence depending on the specific process that occurs; these are discussed in
detail in Chapter 5. Emission of light may also be caused by processes other than absorp-
tion of light. There are spectroscopic methods based on all of these interactions. Table 2.3
summarizes the major types of interaction of light with matter and gives examples of the
common spectroscopic techniques based on these interactions. For the moment, we will
focus on the absorption, transmission, and emission of light by matter.

Table 2.2 Some Types of Transitions Studied by Spectroscopy

Type of transition Spectroscopic method Wavelength range

Spin of nuclei in a magnetic field NMR spectroscopy 0.5-10m

Rotation and vibration of molecules Raman and IR spectroscopy 0.8-300 pm

Bonding electron energy, valence UV/VIS spectroscopy 180-800 nm
electron energy

Core electron energy X-ray spectroscopy 0.1-100 A

Note: This is a very limited list of the types of transitions and spectroscopic methods in current use.
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Table 2.3 Some Interactions of Light and Matter

Interaction Radiation measured Spectroscopic method

Absorption and transmission Incident light, I, Atomic absorption
Transmitted light, / Molecular absorption

Absorption then emission Emitted light, I Atomic fluorescence

Molecular fluorescence
Molecular phosphorescence

Scattering Scattered light, I Turbidimetry
Nephelometry
Raman
Reflection Reflected light, Ix Attenuated total reflection
or relative Diffuse reflection IR (the term
reflected I reflectance is also used for these
methods)
Emission Emitted light, /. Atomic emission
Molecular emission
Chemiluminescence

If we pass white light (i.e., visible light) through blue glass, the emerging light is
blue. The glass has absorbed the other colors, such as red and yellow. We can confirm
this absorption by shining red light through the blue glass. If the absorption is strong
enough, all of the red light is absorbed; no light emerges from the glass and it appears
black. How can this be explained?

The interaction of electromagnetic radiation and matter conforms to well-
established quantum mechanical laws. Atoms, ions, and molecules exist only in certain
discrete states with specific energies. The same quantum mechanical laws dictate that a
change in state requires the absorption or emission of energy, AFE, exactly equal to the
difference in energy between the initial and final states. We say that the energy states
are quantized. A change in state (change in energy) can be expressed as:

AE = Egna — Einitiat = hv 2.4)
Since we know that ¢ = Av, then:

AE = hy = % 2.5)

These equations tell us that matter can absorb or emit radiation when a transition
between two states occurs, but it can absorb or emit only the specific frequencies or wave-
lengths that correspond to the exact difference in energy between two states in which the
matter can exist. Absorption of radiation increases the energy of the absorbing species
(i.e., Egna; > Einitia)- Emission of radiation decreases the energy of the emitting species
(i.e., Egnal < Einitia)- So the quantity AE can have either a positive sign or a negative
sign, but when using AE to find the wavelength or the frequency of radiation involved
in a transition, only the absolute value of AE is used. Wavelength, frequency, and the
speed of light are always positive in sign.

A specific molecule, such as hexane, or a specific atom, such as mercury, can absorb
or emit only certain frequencies of radiation. All hexane molecules will absorb and emit
light with the same frequencies, but these frequencies will differ from those absorbed or
emitted by a different molecule, such as benzene. All mercury atoms will absorb the
same frequencies of incident light, but these will differ from the frequencies of light
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absorbed by atoms of lead or copper. Not only are the frequencies unique, but also the
degree to which the frequency is absorbed or emitted is unique to a species. This
degree of absorption or emission results in light of a given intensity. The uniqueness of
the frequencies and amount of each frequency absorbed and emitted by a given chemical
species is the basis for the use of spectroscopy for identification of chemicals. We call the
set of frequencies and the associated intensities at which a species absorbs or emits its
spectrum.

The lowest energy state of a molecule or atom is called the ground state. All higher
energy states are called excited states. Generally at room temperature molecules and
atoms exist in the ground state.

If we think about our example of blue glass, and its ability to absorb red and yellow
light, we can deduce a simple picture of the energy states in the blue glass. We will assume
that the glass is in its ground state before we shine any light through it since we have per-
formed this experiment at room temperature. We will call the ground state energy E;. If
the glass is capable of absorbing red light, there must be an excited state such that the
difference in energy between the ground state and this excited state is equivalent to the
energy of a wavelength of red light. If we look at Fig. 2.2, we can choose a representative
wavelength in the red region of the visible spectrum, such as 653 nm. If a wavelength
A =653 nm is absorbed by the glass, we can calculate the frequency of this light by
rearranging Eq. (2.1):

c 2.997 x 108m/s

T A (653nm)(10-° m/nm)

v=459 x 104!

From the frequency, we are able to calculate the difference in energy between the ground
state and this excited state, which we will call E,:

AE = E2 — E1 = hv
AE = (6.626 x 10734 T)(4.59 x 10" s
AE =3.05x 107177

So there is one excited state with an energy that is 3.05 x 10~ '? J higher than the ground
state in the glass. We do not know the exact energy of the ground state itself. The glass also
absorbs yellow light, so we can pick a representative wavelength of yellow light, such as
575 nm, and repeat the preceding calculation. The frequency of light corresponding to a
wavelength of 575 nm is 5.21 x 10" Hz, so there must be an excited state E; such that:

AE = E3 — El = hv
AE = (6.626 x 10724 T5)(5.21 x 10'*s71)
AE =3.45x 1077

We can now construct a simplified energy diagram for the blue glass, such as the one
shown in Fig. 2.3.

The diagram shows two excited states, one corresponding to the ability of the glass to
absorb light with a wavelength of 653 nm and one corresponding to the ability of the glass to
absorb light with a wavelength of 575 nm. Because the glass does not absorb blue light (it
transmits the blue light portion of white light), there would be no energy states with a differ-
ence in energy equal to any frequency of blue light. This diagram is very oversimplified.
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E; 2nd Excited State
E;=3.45x10"J

E, 1st Excited State

T E,=3.05x10"J

653 575
nm nm

E, Ground State
E; defined =0

Figure 2.3 Simplified energy diagram for the absorption of visible light by blue glass. Two pos-
sible excited energy states are shown, one corresponding to the absorption of 653 nm (red) light and
a higher state corresponding to the absorption of 575 nm (yellow) light. If the ground state energy is
defined as E = 0, the relative energies of the excited states can be determined.

“Red”, “yellow”, and “blue” light span a range of wavelengths, as can be seen from Fig. 2.2.
There are actually many different energy levels associated with the transitions occurring in
glass. Absorption of red light occurs from 620 to 750 nm, yellow light from 450 to
495 nm, and so on. So what is the molecular reason for this “broadband” absorption observed
in spectroscopic experiments with visible light? The absorption of visible light by glass is due
to excitation of bonding electrons in the molecules; in other words, due to electronic tran-
sitions. Electronic transitions require more energy than rotational or vibrational transitions.
For a molecule, the relative energy of transitions is rotational < vibrational < electronic.
A more realistic energy level diagram for glass (and for molecules in general) is presented
in Fig. 2.4. For every electronic state E,, there are many associated rotational and vibrational
sublevels. Each sublevel has a slightly different energy, with the result that a transition from
one energy level E, to a higher energy level is not a single energy but a range of closely
spaced energies, because the electron can end up in any one of the many sublevels. For
this reason, absorption of red light occurs over a closely spaced range of wavelengths in
molecules.

Excited states are energetically unfavorable; the molecule or atom wants to return to
the lowest energy ground state by giving up energy, often by emitting light. Because
they are energetically unfavorable, excited states are usually short-lived, on the order of
107°-10"%s. Emission of light therefore occurs rapidly following excitation. One
notable exception is the process of phosphorescence, described in Chapter 5; for this
process the excited state lifetime can be as long as tens of seconds in some cases.

Absorption spectra are obtained when a molecule or atom absorbs radiant energy
that satisfies the equation AE = hv = hc/A. The absorption spectrum for a substance
shows us the energies (frequencies or wavelengths) of light absorbed as well as how
much light is absorbed at each frequency or wavelength. The nature of the molecule or
atom dictates the amount of light absorbed at a given energy. The complete spectrum
of a substance consists of the set of energies absorbed and the corresponding intensity
of light absorbed. A graph of the intensity of light amplitude change on the y-axis vs.
the frequency or wavelength on the x-axis is constructed. It is this graph of intensity vs.
energy that we call a spectrum. The IR absorption spectrum for polystyrene is shown in
Fig. 4.1 in Chapter 4. The UV absorption spectrum of benzene is shown in Fig. 5.12 in
Chapter 5.
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Figure 2.4 Schematic energy level diagram for molecules. Each electronic energy level, Ey ;5. ..
has associated vibrational sublevels V; ;3 . . and rotational sublevels J; 55 . .

Emission spectra are obtained when an atom or molecule in an excited state returns
to the ground state by emitting radiant energy. An emission spectrum can result from many
different ways of forming an excited state. Atoms and molecules can be excited not only
by absorption of electromagnetic radiation, but also by transfer of energy due to collisions
between atoms and molecules, by addition of thermal energy, and by addition of energy
from electrical discharges. Different excitation methods are used in several types of emis-
sion spectroscopy and will be discussed in detail in later chapters. A special term is used
for the emission of electromagnetic radiation by either atoms or molecules following exci-
tation by absorption of electromagnetic radiation. Such emission is called luminescence.
In other words, if light is used as the source of excitation energy, the emission of light is
called luminescence; if other excitation sources are used the emission of light is called
simply emission.

2.2. ATOMS AND ATOMIC SPECTROSCOPY

An atom consists of a nucleus surrounded by electrons. Every element has a unique
number of electrons, equal to its atomic number for a neutral atom of that element. The
electrons are located in atomic orbitals of various types and energies and the electronic
energy states of atoms are quantized. The lowest energy, most stable electron configur-
ation of an element is its ground state. The ground state is the normal electron configur-
ation predicted from the “rules” for filling a many-electron atom, which you learned in
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general chemistry. These rules are based on the location of the atom in the periodic table,
the aufbau principle, the Pauli exclusion principle, and Hund’s rule. (It is important to
keep in mind that the scientific rules or laws that we use were developed to explain
observed experimental facts. The student should remember the observed experimental
facts that gave rise to the rules and laws, not just the rules themselves. You may want
to review your general chemistry text on the structure of the atom.) For example, the
ground state electron configuration for sodium, atomic number 11, is 1s°2s*2p®3s'
based on its position in the third row, first group of the periodic table and the requirement
to account for 11 electrons. The ground state electronic configuration for potassium is
15225%2p®3s?3p®4s!, vanadium is 15%2s°2p®3s?3p®4s?3d°®, and so on. If energy of the
right magnitude is provided to an atom, the energy may be absorbed and an outer
(valence) electron promoted from the ground state orbital it is in to a higher energy
orbital. The atom is now in a higher energy, less stable, excited state. Because the
excited state is less stable than the ground state, the electron will return spontaneously
to the ground state. In the process, the atom will emit energy; this energy will be equivalent
in magnitude to the difference in energy levels between the ground and excited states (and
equivalent to the energy absorbed initially). The process is shown schematically in Fig. 2.5.
If the emitted energy is in the form of electromagnetic radiation, Eqs. (2.4) and (2.5)
directly relate the wavelength of radiation absorbed or emitted to the electronic transition
that has occurred:

AE = Efinat — Einitial = hv = % (2.6)
Each element has a unique set of permitted electronic energy levels because of its unique
electronic structure. The wavelengths of light absorbed or emitted by atoms of an element
are characteristic of that element. The absorption of radiant energy by atoms forms the
basis of AAS, discussed in Chapter 6. The absorption of energy and the subsequent emis-
sion of radiant energy by excited atoms form the basis of AES and atomic fluorescence
spectroscopy, discussed in Chapter 7.

In practice, the actual energy level diagram for an atom is derived from the emission
spectrum of the excited atom. Figure 2.6 shows an energy level diagram for mercury
atoms. Notice that there are no rotational or vibrational sublevels in atoms! A free gas
phase atom has no rotational or vibrational energy associated with it. When an electron
is promoted to a higher atomic excited state, the change in energy is very well defined
and the wavelength range absorbed (or emitted on relaxation to the ground state) is
very narrow. The wavelengths of light involved in valence electronic transitions in
atoms fall in the visible and UV regions of the spectrum. This region is often called the
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Figure 2.5 Energy transitions in atoms. Atoms may absorb energy and move a ground state
valence electron to higher energy excited states. The excited atom may relax back to the ground
state by emitting light of a wavelength equal to the difference in energy between the states. Three
such emissions are shown. (From Beatty and Kerber, used with permission.)
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Figure 2.6 Energy levels in mercury atoms (units of energy are electron volts, eV).

UV/VIS region for short. The energy level diagrams for all elements have been deter-
mined, and tables of wavelengths absorbed and emitted by atoms are available. Appendix
6.1 lists the absorption wavelengths used to measure elements by AAS, discussed in
Chapter 6.

Knowing what wavelengths of light are absorbed or emitted by a sample permits
qualitative identification of the elements present in the sample. Measuring the intensity
of light absorbed or emitted at a given wavelength gives us information about how
much of a given element is present (quantitative elemental analysis). All of the atomic
spectroscopy methods—absorption, fluorescence, and emission—are extremely sensitive.
As little as 10 '2=107'° g of an element may be detected using atomic spectroscopy.

It is possible for atoms to absorb higher energy radiation, in the X-ray region;
such absorption may result in the inner shell (core) electrons being promoted to an excited
state, with the subsequent emission of X-ray radiation. This process forms the basis for
qualitative and quantitative elemental analysis by XRF spectroscopy, as well as other
X-ray techniques, discussed in Chapter 8.

2.3. MOLECULES AND MOLECULAR SPECTROSCOPY

The energy states associated with molecules, like those of atoms, are also quantized. There
are very powerful spectroscopic methods for studying transitions between permitted states in
molecules using radiation from the radiowave region to the UV region. These methods
provide qualitative and quantitative information about molecules, including detailed
information about molecular structure.

2.3.1. Rotational Transitions in Molecules

The ability of a molecule to rotate in space has associated rotational energy. Molecules
may exist in only discrete (quantized) rotational energy states. Absorption of the appropri-
ate energy causes transitions from lower energy rotational states to higher energy
rotational states, in which the molecule rotates faster. This process gives rise to rotational
absorption spectra. The rotational energy of a molecule depends on its angular velocity,
which is variable. Rotational energy also depends on the molecule’s shape and weight dis-
tribution, which change as bond angles change. While a change in shape is restricted in
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diatomic molecules such as O,, molecules with more than two atoms, such as hexane,
C¢H 4, have many possible shapes and therefore many possible rotational energy levels.
Furthermore, the presence of more than one natural isotope of an atom in a molecule gen-
erates new sets of rotational energy levels. Such is the case with carbon, where a small
percentage of the carbon atoms in a carbon-containing molecule are '*C instead of '*C.
Consequently, even simple molecules have complex rotational absorption spectra. The
energies involved in rotational changes are very small, on the order of 10~ >* J per mole-
cule. The radiation absorbed is therefore in the radiofrequency and microwave regions of
the spectrum. Microwave spectroscopy has been largely unexploited in analytical chem-
istry because of the experimental difficulties involved and the complexity of the spectra
produced. The technique is limited to the gas phase and has been used by radioastronomers
to detect the chemical species in interstellar clouds.

2.3.2. Vibrational Transitions in Molecules

For the purposes of basic understanding of this branch of optical spectroscopy, molecules
can be visualized as a set of weights (the atoms) joined together by springs (the chemical
bonds). The atoms can vibrate toward and away from each other or they may bend at
various angles to each other as shown in Fig. 2.7. Each such vibration has characteristic
energy associated with it. The vibrational energy states associated with molecular
vibration are quantized. Changes in the vibrational energy of a molecule are associated
with absorption of radiant energy in the IR region of the spectrum. While absorption of
IR radiation causes changes in the vibrations of the absorbing molecule, the increase in
vibrational energy is also usually accompanied by increased molecular rotation. Remem-
ber, the rotational energy levels are sublevels of the vibrational energy levels, as we saw in
Fig. 2.4. So in practice, absorption of IR radiation corresponds to a combination of changes
in rotational and vibrational energies in the molecule. Because a molecule with more than
two atoms has many possible vibrational states, IR absorption spectra are complex, con-
sisting of multiple absorption bands. Absorption of IR radiation by molecules is one of the
most important techniques in spectroscopy. Through IR absorption spectroscopy, the
structure of molecules can be deduced, and both qualitative identification of molecules

Atom vibrating
laterally across
central atom

Chemical bonds
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toward central
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Ato ibrating Central atom atom

in the
plane of the
page

Figure 2.7 Some possible vibrations of bonded atoms in a molecule.
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and quantitative analysis of the molecular composition of samples can be performed. IR
spectroscopy is discussed in Chapter 4.

2.3.3. Electronic Transitions in Molecules

A free gas phase atom has no rotational or vibrational energy associated with it, which
results in the absorption or emission of very narrow wavelength ranges. When atoms
combine to form molecules, the individual atomic orbitals combine to form a new set
of molecular orbitals. Molecular orbitals with electron density in the plane of the
bonded nuclei, that is, along the axis connecting the bonded nuclei, are called sigma
(o) orbitals. Those molecular orbitals with electron density above and below the plane
of the bonded nuclei are called pi () orbitals. Sigma and pi orbitals may be of two
types, bonding orbitals or antibonding orbitals. Bonding orbitals are lower in energy
than the corresponding antibonding orbitals. When assigning electrons in molecules to
orbitals, the lowest energy bonding orbitals are filled first. For a review of molecular
orbital theory, see your general chemistry text, or the references by Umland and
Bellama or Zumdahl and Zumdabhl listed in the bibliography.

Under normal conditions of temperature and pressure, the electrons in the molecule
are in the ground state configuration, filling the lowest energy molecular orbitals available.
Absorption of the appropriate radiant energy may cause an outer electron to be promoted
to a higher energy excited state. As was the case with atoms, the radiant energy required to
cause electronic transitions in molecules lies in the visible and UV regions. And as with
atoms, the excited state of a molecule is less stable than the ground state. The molecule
will spontaneously revert (relax) to the ground state emitting UV or visible radiant
energy. Unlike atoms, the energy states in molecules have rotational and vibrational sub-
levels, so when a molecule is excited electronically, there is often a simultaneous change
in the vibrational and rotational energies. The total energy change is the sum of the elec-
tronic, rotational, and vibrational energy changes. Because molecules possess many pos-
sible rotational and vibrational states, absorption of UV or visible radiation by a large
population of molecules, each in a slightly different state of rotation and vibration,
results in absorption over a wide range of wavelengths, called an absorption band.
The UV/VIS absorption spectra of molecules usually have a few broad absorption
bands and are usually very simple in comparison with IR spectra. Molecular absorption
and emission spectroscopy is used for qualitative identification of chemical species,
especially for inorganic and organometallic molecules with metal atoms at their centers.
This technique used to be one of the major methods for structural determination
of organic molecules, but has been replaced by the more powerful and now commonly
available techniques of NMR, IR spectroscopy, and MS. UV /VIS absorption spectroscopy
is most often used for quantitative analysis of the molecular composition of samples. Mol-
ecular fluorescence spectroscopy is an extremely high sensitivity method, with the ability
to detect single molecules! We will learn the laws governing absorption, which permit
quantitative analysis by UV /VIS spectroscopy, in this chapter. The use of UV/VIS mol-
ecular spectroscopy will be discussed at greater length in Chapter 5.

2.4. ABSORPTION LAWS

The radiant power P of a beam of light is defined as the energy of the beam per second
per unit area. A related quantity is the intensity / which is the power per unit solid
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angle. Both power and intensity are related to the square of the amplitude of the
light wave, and the absorption laws can be written in terms of either power or intensity.
We will use intensity I but you may see the same laws written with a P for power in other
literature.

When light passes through an absorbing sample, the intensity of the light emerging
from the sample is decreased. Assume the intensity of a beam of monochromatic (i.e.,
single wavelength) radiation is I,. This beam is passed through a sample that can
absorb radiation of this wavelength, as shown in Fig. 2.8. The emerging light beam has
an intensity equal to I, where I, > I. If no radiation is absorbed by the sample, I = I,. If
any amount of radiation is absorbed, I < Ij. The transmittance 7 is defined as the ratio
of Ito Iy:

1
T=— 2.7
Iy
The transmittance is the fraction of the original light that passes through the sample.
Therefore, the range of allowed values for T'is from 0 to 1. The ratio I/I, remains relatively
constant even if / changes; hence, T is independent of the actual intensity /,. To study the
quantitative absorption of radiation by samples it is useful to define another quantity, the

absorbance A where

Io 1
A= 10g<7> = log<?) = —logT (2.8)

When no light is absorbed, I = I and A = 0. Two related quantities are also used in
spectroscopy, the percent transmittance, %7, which equals 7 x 100, and the percent
absorption, %A, which is equal to 100 — %T.

Suppose we have a sample of an aqueous solution of an absorbing substance in a
rectangular glass sample holder with a length of 1.0 cm, as shown in Fig. 2.9. Such a
sample holder is called a sample cell, or cuvette, and the length of the cell is called the
path length b. The incident light has intensity, Iy, equal to 100 intensity units. If 50%
of the light passing through the sample is absorbed, then 50% of the light is transmitted.
The emerging light beam has an intensity denoted as I; = 50 intensity units. So the
%T = 50, and therefore:

_%T _§L
100 1o
50
T=""=050
100

From T we calculate that absorbance equals

A = —logT = —10g(0.50) = 0.30

-"’-Z/’»

Sample

Figure 2.8 Absorption of radiation by a sample.
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Figure 2.9 Absorption of radiation by two identical sample cells.

If a second identical cell with the same solution is placed in the path of beam 7, 50% of the
incident radiation, I;, will be absorbed, and we have a new emerging beam, I,.
The intensity of I; is 50 intensity units and therefore I, must be 25 intensity units. So
the transmittance for the second cell is

L, 25

T_I1 _50_0.50
The absorbance for just the second cell is A = —log 0.50 = 0.30. The two cells are iden-
tical in their absorbance of light. Identical or “optically-matched” cells are required for
accurate quantitative analysis using spectroscopy in many cases.

Now suppose we put the two cells back to back and consider them together. For our
purpose, we will assume that these will behave as if there were no glass walls between
the two cells; in other words, we have one “cell” that is 2.0 cm long. The path length
for this experiment is now 2.0 cm. The incident light beam has intensity I, with
Iy = 100 intensity units. We know from passing light through the two cells (as described
earlier) that the emerging light beam has intensity / = 25 intensity units. So we see that
for a path length of 2.0 cm, T now equals 25/100 or 0.25 and A = —log 0.25 = 0.60. If
we put three cells in line (path length = 3.0 cm), the emerging beam has 7= 12.5,
T=0.125, and A =0.90. Four cells in line will give I=6.25, T=0.063, and
A = 1.20. If we plot intensity / vs. the number of cells (i.e., the path length in cm) as
shown in Fig. 2.10(a), it is clear that / decreases exponentially with increasing path
length. If we plot absorbance A vs. path length, shown in Fig. 2.10(b), absorbance
increases linearly with increasing path length. As analytical chemists, we find it better
to work with linear equations rather than with exponential equations, because as you
can see from Fig. 2.10, it is easier to interpolate and read data from a linear plot. A
linear plot has a constant slope that greatly simplifies calculations. That is why the absor-
bance is such a useful quantity—it results in a linear relationship with quantities import-
ant to analytical chemists. This proportional relationship between sample thickness (the
path length) and absorbance at constant concentration was discovered by P. Bouguer in
1729 and J. Lambert in 1760.

If we perform a similar experiment keeping the path length constant by using only
one cell but change the concentration of the absorbing species, we find the same relation-
ship between I, A, and concentration as we found for path length. A linear relationship
exists between the absorbance A and the concentration ¢ of the absorbing species in the
sample, a very important quantity! Because A is linear with respect to path length b and
concentration ¢ we can write the following equation:

A = abc 2.9

9

The term “a” is a proportionality constant called the absorptivity. The absorptivity
is a measure of the ability of the absorbing species in the sample to absorb light at the
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Figure 2.10 (a) Exponential relationship between intensity (or transmittance) and increasing
number of cells (increasing path length). (b) Linear relationship between absorbance and increasing
number of cells (increasing path length). I, = 100 for both plots.

particular wavelength used. Absorptivity is a constant for a given chemical species at a
specific wavelength. If the concentration is expressed in molarity (mol/L or M), then
the absorptivity is called the molar absorptivity, and is given the symbol &. The usual
unit for path length is centimeters, cm, so if the concentration is in molarity, M, the
unit for molar absorptivity is M~ ' cm ™. The units for absorptivity @ when concentration
is expressed in any units other than molarity (for example, ppm, mg/100 mL, etc.) must be
such that A, the absorbance, is dimensionless. A. Beer discovered the proportional
relationship between concentration and absorbance at constant path length in 1852.
Equation (2.9), which summarizes the relationship between absorbance, concen-
tration of the species measured, sample path length, and the absorptivity of the species
is known as the Beer—Lambert—Bouguer Law or, more commonly, as Beer’s Law.
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Since A = —log T, we have the following equivalent expressions for Beer’s Law:
abc = —logT (2.10)
1
— log(—) = abc 2.11)
Iy
Iy
10g(7> = abc 2.12)
1
9 _ qgebe (2.13)
I
1 .
— = 1074 (2.14)
Iy

where a, the absorptivity, is equal to &, the molar absorptivity, in all of the equations if ¢, the
concentration of the absorbing species, is expressed as molarity.

Beer’s Law shows mathematically, based on observed experimental facts, that there
is a linear relationship between A and the concentration of an absorbing species if
the path length and the wavelength of incident radiation are kept constant. This is an
extremely important relationship in analytical spectroscopy. It forms the basis for the
quantitative measurement of the concentration of an analyte in samples by quantitative
measurement of the amount of absorbed radiation. The quantitative measurement of radi-
ation intensity is called spectrometry. Beer’s Law is used in all quantitative absorption
spectrometry—IR absorption spectrometry, AAS, UV/VIS absorption spectrometry,
and so on.

2.4.1. Deviations from Beer’s Law

Beer’s Law is usually followed at low concentrations of analyte for homogeneous
samples. Absorbance is directly proportional to concentration for most absorbing sub-
stances when the concentration is less than about 0.01 M.

Deviations from linearity are common at high concentrations of analyte. There are
several possible reasons for deviation from linearity at high concentrations. At low concen-
trations in a solution, the analyte would be considered the solute. As the solute concen-
tration increases, the analyte molecules may begin to interact with each other, through
intermolecular attractive forces such as hydrogen bonding and other van der Waals
forces. Such interactions may change the absorptivity of the analyte, again resulting in a
nonlinear response as concentration increases. At extremely high concentrations, the
solute may actually become the solvent, changing the nature of the solution. If the
analyte species is in chemical equilibrium with other species, as is the case with weak
acids or weak bases in solution, changes in concentration of the analyte may shift the equi-
librium (Le Chatelier’s Principle). This may be reflected in apparent deviations from Beer’s
Law as the solution is diluted or concentrated.

Another source of deviation from Beer’s Law may occur if the sample scatters the
incident radiation. Solutions must be free of floating solid particles and are often filtered
before measurement. The most common reason for nonlinearity at high analyte concen-
trations is that too little light is available to be absorbed. At low levels of analyte, doubling
the concentration doubles the amount of light absorbed, say from 25% to 50%. If 99% of
the light has already been absorbed, doubling the concentration still doubles the amount of
remaining light absorbed, but the change is only from 99% to 99.5%. This results in the
curve becoming flat at high absorbance.
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It can be seen from Eq. (2.8) that A = log(ly/D). If Iy = 100 and A = 1.0, then
I=10. Only 10% of the initial radiation intensity is transmitted. The other 90% of the
intensity is absorbed by the sample. If A = 2.0, I = 1.0, indicating that 99% of the incident
light is absorbed by the sample. If A = 3.0, 99.9% of the incident light intensity is
absorbed. As we shall see, the error in the measurement of A increases as A increases
(or as [ decreases). In practice, Beer’s Law is obeyed for absorbance values less than or
equal to 1.0.

2.5. METHODS OF CALIBRATION

Calibration is the process of establishing the relationship between the signal we measure
(such as absorbance) and known concentrations of analyte. Once this relationship is estab-
lished, it is possible to calculate the concentration of the analyte in an unknown sample by
measuring its signal. The calibration methods discussed subsequently are applicable to
most of the analytical instrumental methods discussed in this text, not just spectroscopic
measurements. Historically, calibration data were collected manually by reading a meter
or measuring a peak height with a ruler, and transcribing all the numbers into a lab note-
book. The relationship between signal and concentration was plotted manually on graph
paper. Modern instruments have software packages that fit the data points to the best-fit
line or curve statistically, display the results on the computer screen and send them to
the printer. Computerized data collection and processing greatly reduces transcription
error, that is, copying the wrong figures into a notebook. The use of linear regression
and other curve-fitting approaches provides greater accuracy and precision in the cali-
bration equation and in sample results calculated from the equation.

2.5.1. Calibration with Standards

In order to use Beer’s Law to determine the concentration of analyte in an unknown, it is
necessary to establish the relationship between absorbance at a given wavelength and the
concentration of the analyte. Solutions containing known concentrations of analyte are
called standard solutions or more simply, standards. For some types of analyses, the
standards may be in the form of solids or gases.

Standards must be prepared accurately from high purity materials so that the concen-
tration of analyte is known as accurately as possible. A series of standards covering
an appropriate concentration range is prepared. The standards should include one solution
with no added analyte; the concentration of analyte in this standard is zero. This solution is
called the reagent blank and accounts for absorbance due to impurities in the solvent and
other reagents used to prepare the samples. It also accounts for the instrumental baseline.
The absorbance of the reagent blank and each standard is measured. The absorbance of the
reagent blank is subtracted from the absorbances of the other standards before any calcu-
lations are performed. The absorbances from which the blank absorbance has been sub-
tracted are called “corrected absorbances”. A plot is made of corrected absorbance on
the y-axis vs. the known concentration of the standard on the x-axis. Such a plot used to
be constructed manually on graph paper; now, plots are generated by computer software.
A typical calibration curve of this type is shown in Fig. 2.11. This calibration curve shows
the relationship between the absorbance of n-hexadecane, CH3(CH,),4CHj3, a hydrocarbon
found in petroleum, at 3.41 wm in the IR region and the concentration of solutions of
n-hexadecane in tetrachloroethylene, C,Cl,. This measurement of the absorbance of
solutions of n-hexadecane at 3.41 wm is a method used for determining petroleum
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Figure 2.11 A typical external calibration curve for quantitative absorption spectrometry. The
calibration standards follow Beer’s Law since the relationship between concentration and absor-
bance is linear.

contamination in water, soil, and other environmental samples, because most hydro-
carbons absorb at this wavelength. It is an official method developed by the US EPA
(www.epa.gov) and relies on Beer’s Law to permit the measurement of petroleum hydro-
carbons in unknown samples. It is used to measure environmental contamination from oil
spills, illegal dumping of oil, and leaking underground oil storage tanks.

Table 2.4 gives the values of the concentration and the measured and corrected
absorbance for each standard. It is clear from Fig. 2.11 that the relationship between absor-
bance and concentration for this measurement follows Beer’s Law since the plot results in
a straight line (y = mx + b, where y is the absorbance and x is the concentration). Once the
points have been plotted, the best straight line is fitted through the data points. As we
learned in Chapter 1, the best-fit straight line is determined by linear regression (linear
least squares) using a statistical program on your calculator or using a computer spread-
sheet program such as Excel. It is of course possible to estimate the concentration that cor-
responds to a given absorbance visually from a calibration curve, but for accurate work the
equation of the best-fit straight line must be determined.

Table 2.4 Calibration Data for Measurement of Petroleum
Hydrocarbons by IR Absorption Spectrometry

Concentration of

n-hexadecane Absorbance Corrected

(mg/100 mL solution) at 3.41 pm absorbance
0.0 0.002 0.000
4.0 0.103 0.101
8.0 0.199 0.197

16.0 0.400 0.398

32.0 0.804 0.802
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Performing a linear regression on the data in Table 2.4 provides us with the exact
Beer’s Law relationship for this method: A = 0.0250x — 0.001, where x is the concentration
of n-hexadecane (in mg/100 mL). From the equation for the calibration curve, the concen-
tration can be determined for any measured absorbance. For example, an unknown sample
of contaminated soil is prepared according to Method 8440, and the absorbance of the
sample solution is measured. The measured absorbance is 0.302, so the corrected absorbance
would be 0.302 — 0.002 = 0.300. From our calibration curve, we can see visually that this
corresponds to a concentration of ~12.0 mg n-hexadecane/100 mL. The exact concentration
can be calculated from the linear regression equation, and is found to be 11.96 mg/100 mL or
12.0 mg/100 mL rounded to three significant figures.

Suppose that in addition to the standards listed in Table 2.4, we also prepared
n-hexadecane standards containing 60.0 mg n-hexadecane/100 mL solution and 100.0 mg
n-hexadecane/100 mL solution. If we measure the absorbances for these standards, we
obtain the data shown in Table 2.5. The additional points are plotted along with the orig-
inal standards in Fig. 2.12 with the points shown as open circles. Clearly, we now see a
deviation from Beer’s Law at these high concentrations. The points no longer fit a straight
line; the measured absorbances are lower than they should be if Beer’s Law was followed
at these concentrations. This shows why it is never a good idea to extrapolate (extend) a
calibration curve beyond the range of the measured standards. If we had a sample with an
absorbance of 1.30 (just like our 60.0 mg/100 mL standard) and had used our original
calibration curve extrapolated to higher absorbances as shown by the black squares in
Fig. 2.12, we would calculate a concentration of 51.9 mg/100 mL for the unknown,
which would be erroneously low. What should we do if we have absorbances that are
above the absorbance of our highest linear standard (in this case, above A = 0.802)?
The best approach is to dilute the samples. Let us dilute our 60.0 mg/100 mL standard
by a factor of 10, by taking 10.0 mL of the solution and diluting it with pure solvent to
a total volume of 100 mL in a volumetric flask. If we measure the absorbance of the
diluted solution, we find that the corrected absorbance = 0.153. The corresponding con-
centration is determined to be 6.07 mg/100 mL. Multiplied by 10 to account for the
dilution, our original solution is calculated to contain 60.7 mg/100 mL, and we know
that this is a reasonably accurate answer because we made up the standard to contain
60.0 mg/100 mL. So if we take our unknown sample solution with an absorbance of
1.30, dilute it by a factor of 10 and measure the absorbance of the diluted solution, we
should get an accurate result for the sample as well.

Table 2.5 Calibration Data for Measurement of Petroleum
Hydrocarbons by IR Absorption Spectrometry (Higher
Concentration Standards Added)

Concentration of

n-hexadecane Absorbance Corrected

(mg/100 mL solution) at 3.41 pm absorbance
0.0 0.002 0.000
4.0 0.103 0.101
8.0 0.199 0.197
16.0 0.400 0.398
32.0 0.804 0.802
60.0 1.302 1.300

100.0 1.802 1.800
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Figure 2.12 A calibration curve showing deviation from Beer’s Law at high concentrations (high
absorbance values). The open circles are the measured absorbance values for the standards and clearly
deviate from linearity above A = 0.8. The black squares show the expected absorbance values if all
standards followed Beer’s Law. These points were obtained by extrapolation of the linear portion of
the curve.

Preparing a calibration curve as just described, by making a series of standards of
known concentrations of analyte, is called external calibration or calibration with external
standards. No calculation of uncertainty has been included in this discussion. That subject
is covered in Chapter 1. We never report analytical results without also reporting the
uncertainty.

2.5.2. Method of Standard Additions

An alternate method of calibration is the Method of Standard Additions (MSA) cali-
bration. This calibration method requires that known amounts of the analyte be added
directly to the sample, which contains an unknown amount of analyte. The increase in
signal due to the added analyte (e.g., absorbance, emission intensity) permits us to calcu-
late the amount of analyte in the unknown. For this method of calibration to work, there
must be a linear relationship between the concentration of analyte and the signal.

The MSA is often used if no suitable external calibration curve has been prepared.
There may be no time to prepare calibration standards—for example, in an emergency
situation in a hospital it may be necessary to measure sodium rapidly in a patient’s
serum. It may not be possible to prepare a valid set of calibration standards because of
the complexity of the sample matrix or due to lack of sufficient information about the
sample—for example, industries often require the analysis of “mystery” samples when
something goes wrong in a process. MSA calibration is very useful when certain types
of interferences are present in the sample matrix. MSA permits us to obtain accurate
results without removing the interferences by performing the calibration in the presence
of the interferences. It is often used when only one sample must be analyzed, and the prep-
aration of external standards would be inefficient.
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A typical example of the use of MSA is the determination of sodium by AES in an
industrial plant stream of unknown composition. A representative sample of the plant
stream is taken and split into four aliquots of 100 mL each. The first aliquot is left
untreated; this is called the “no add” or “zero add” sample. To the second aliquot,
100 g Na is added to the 100 mL sample in such a way as to not change the volume sig-
nificantly. This can be done by adding a 10 wL volume of a 10,000 ppm Na solution to the
sample. A 10,000 ppm Na solution contains 10,000 g Na/mL, so a 10 pL portion con-
tains 100 g Na as shown:

10,000 g Na x 1 mL
mL solution 1000 wL

x 10 pL = 100 g Na

The second sample aliquot now contains an additional 1.0 ppm Na, since 100 pg Na/
100 mL equals 1.0 ppm Na. To the third aliquot we add 0.020 mL of the 10,000 ppm
Na solution; the third aliquot now contains an additional 2.0 ppm Na. To the fourth
aliquot, an addition of 0.030 mL of the 10,000 ppm Na solution results in an additional
3.0 ppm Na in the sample aliquot. The maximum change in volume caused by the addition
of Na solution is only 0.03%, an insignificant amount. It is important not to change the
volume of the aliquots because a change in volume will cause a change in the concen-
tration—signal relationship. All of the aliquots, untreated and the ones to which additions
have been made, must have the same composition or MSA calibration will not produce
accurate results. The concentrations of Na added and the sample aliquot numbers are
listed in Table 2.6. The emission intensity for each of the four sample aliquots is measured
at the 589.0 nm sodium emission line, using a flame AES or a flame photometer. The
intensities measured are also listed in Table 2.6. In addition, the emission intensity
from the flame is measured with no sample present. This measures “background emis-
sion”—a positive signal from the flame not due to the sample. The background emission
signal must be subtracted from the sample intensities, just as a reagent blank is subtracted
as we discussed earlier, to obtain the corrected intensities shown in Table 2.6. (we will
learn more about background emission from flames in Chapters 6 and 7.)

The corrected emission intensity is plotted vs. added Na concentration (Fig. 2.13). It
can be seen in Fig. 2.13 that the relationship between concentration added and signal is
linear over the range examined. The quantity (Alopission/A ppm Na added) is the slope
of the addition calibration line and is obtained by a linear regression calculation. In this
case,

AIemission _ 1.3
Appm Na added 1.0 ppm Na

Table 2.6 MSA Calibration

Sample Emission intensity Corrected intensity ppm Na
aliquot (intensity units)* (intensity units)® added
1 29 2.4 0.0

2 42 3.7 1.0

3 55 5.0 2.0

4 6.8 6.3 3.0
Background” 0.5 0.0

“Intensity units = 1000 counts/s.
Flame only; no sample aspirated.
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Figure 2.13 A typical MSA calibration curve. The y-axis shows corrected emission intensity.
Intensity units = 1000 counts/s.

The emission intensity increases by 1.3 units for every 1.0 ppm Na present. There-
fore, the concentration of Na in the untreated sample is calculated from the following
equation:

R -1
ppm Nasample = ﬁ = R(slope)
where R = the corrected intensity measurement for sample aliquot 1 (with no added Na),
and the slope = (Almission/A ppm Na added) (i.e., the slope of the addition calibration
curve). For our example, the Na concentration in the plant stream is:

1.0 ppm Na

m Na
PP 1.3 intensity units

= 2.4 intensity units X

sample
ppm Nag,c = 1.85 ppm

Alternatively, the addition calibration curve may be extrapolated to the intercept on the
negative x-axis using the linear regression equation determined. The concentration of
sodium in the sample is equal to the absolute value of the negative x intercept. The extra-
polation is shown in Fig. 2.14 for the data in Table 2.6. The —x intercept occurs at —1.85,
therefore the concentration of Na in the sample is |— 1.85 ppm| = 1.85 ppm Na. The emis-
sion intensities plotted are the corrected intensities; the background must be subtracted
first.

The MSA is a very powerful tool for obtaining accurate analytical results when it is
not possible to prepare an external calibration curve. In some cases, it permits accurate
results to be obtained even in the presence of interfering substances. MSA will not
correct for background emission or background absorption, or other spectral interfer-
ences. These interferences and methods for correcting for background will be discussed
in the appropriate later chapters.

If the amount of sample is limited, as it may very well be for a patient’s serum, a one-
point standard addition technique may be used. The technique is outlined for a sodium
determination in serum by flame AES. The emission intensity from the sample is
measured, and then a known concentration of Na is added, again without significantly
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Figure 2.14 Determination of the concentration of analyte by extrapolation of the MSA curve to
the negative x intercept. The y-axis shows corrected emission intensity. Intensity units = 1000
counts/s.

changing the volume of the sample. The emission intensity for the addition sample is
measured, as is the flame background. Because the emission signal is directly proportional
to the sodium concentration, we can write:

Iunknown _ ppm Naunknown

Iadded ppm Naunknown + ppm Naadded

where Iyinown 18 the corrected intensity for the original sample, I 444 1S the corrected inten-
sity for the sample with added Na, and ppm Na,qqeq i the concentration of the Na added to
the original sample. For example, measurement of a serum sample gives a corrected inten-
sity of 2.4 intensity units. Sufficient sodium is added to the serum sample to increase the
concentration by 3.0 ppm, and the corrected intensity of this “addition” solution is 6.3.
Setting X = ppm Naunknowna

3.7 X ppm

6.3 (x+3.0) ppm
Solving for x,

x = 4.3 ppm Na

While the use of a one-point addition may be required if sample is limited, it is generally
good practice to make at least two additions whenever possible, to confirm that the additions
are within the linear range of the analysis method. Again, results would need to be reported
with the associated uncertainty.

2.5.3. Internal Standard Calibration

An internal standard is a known amount of a nonanalyte element or compound that is
added to all samples, blanks, and standard solutions. Calibration with internal standardiz-
ation is a technique that uses the signal from the internal standard element or compound to
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correct for interferences in an analysis. Calibration with internal standardization improves
the accuracy and precision of an analysis by compensating for several sources of error.

For determination of analyte A, an internal standard S, which must not be present in
the samples, is selected. The same concentration of S is added to all samples, standard sol-
utions and blanks. The signals due to both A and S are measured. The ratio of the signal
due to the analyte A to the signal due to the internal standard S, is calculated. The signal
ratio, signal, /signalg, is plotted against the concentration ratio of A/S in the standards.
The equation of the calibration curve, which should be linear for best results, is obtained
by linear regression. The equation permits the calculation of the concentration ratio A /S in
any unknown samples by measuring the signal of A and S in the sample and calculating the
signal ratio for the sample.

The relationship between concentration and signal may be expressed as follows:

Concentration ratio (A/S) in sample signal ratio (A/S) in sample

Concentration ratio (A/S) in standard signal ratio (A/S) in standard

The method of internal standardization is widely used in spectroscopy, chromatography,
MS, and other instrumental methods. The use of internal standards can correct for
losses of analyte during sample preparation, for mechanical or electrical “drift” in the
instrument during analysis, for volume change due to evaporation and other types of inter-
ferences. The internal standard must be chosen carefully, usually so that the chemical and
physical behavior of the internal standard is similar to that of the analyte. The internal stan-
dard must not interact chemically or physically with the analyte. Whatever affects the signal
from the analyte should affect the signal from the internal standard in the same way. The
ratio of the two signals will stay constant, even if the absolute signals change; this provides
more accuracy and precision than if no internal standard is used.

The determination of lead in drinking water by ICP-MS demonstrates how an
internal standard can correct for a problem such as “instrumental drift”, that is, a change
in the signal over a period of time. The signal for the Pb-208 isotope (***Pb) is monitored
to determine lead. Two lead calibration standards are prepared, each containing 10.0 ppb
Pb. One standard also contains 20.0 ppb bismuth as an internal standard. The Bi signal is
measured at the Bi-209 isotope, along with the Pb-208 signal. Both standards are measured
several times during the day and the resulting signals are listed in Table 2.7. As can be seen
from Table 2.7, the signals for both Pb and Bi fluctuate during the day; such fluctuations
could be due to changes in electrical line voltage to the instrument, for example. However,
as the last column shows, the ratio of the analyte signal to the internal standard signal stays
constant throughout the day. If the ICP-MS were calibrated without using an internal stan-
dard at 8 AM, samples run at 1 PM would give erroneously high Pb concentrations,
because the signal for a given amount of lead has increased by a factor of 2.5. At 3 PM,

Table 2.7 Use of Internal Standard in Calibration

Time of Signal counts® 10 ppb Signal counts 20 ppb Ratio of

measurement Pb, m/e = 208 Bi, m/e =209 counts Pb/Bi
8 AM 12,050 60,000 0.2008

10 AM 12,100 60,080 0.2013
1 PM 30,000 149,200 0.2010
3PM 15,750 78,400 0.2009

“Both standards give the same signal for Pb, so only one column is shown. The counts for bismuth are from the
second standard only.



Introduction to Spectroscopy 89

samples would be approximately 30% higher than the true value. If 20.0 ppb Bi had been
added to all the standards and samples, the ratio of the Pb signal /Bi signal would have
remained constant and an accurate lead concentration would be determined. For
example, the ICP-MS is calibrated at 8 AM with the 10.0 ppb Pb standard. The signal
obtained for 10.0 ppb Pb is 12,050 counts. This is the calibration factor: 12,050 counts/
10.0 ppb Pb. The second solution containing 10.0 ppb Pb and 20.0 ppb Bi is measured;
the Pb counts are 12,050 (the same as the standard) and the counts for Bi are 60,000, as
shown in Table 2.7. A drinking water sample to which 20.0 ppb Bi has been added as
internal standard is measured throughout the day. The signals obtained are given in
Table 2.8. At 8 AM, the Pb signal is equal to 6028 counts, so the concentration of Pb in
the water may be calculated from our calibration factor for lead with no internal standard:

10.0 ppb Pb

ppb Pb in sample = (6028 counts) 12.050 counts

ppb Pb in sample = 5.00 ppb Pb

This is the true value for lead in the water sample. The rest of the concentrations using the
lead signal only are calculated the same way and the results are shown in the third column
of Table 2.8. Due to the instrument “drift”, the results obtained at 1 PM and 3 PM are
clearly in error. For example, the 1 PM sample has a signal equal to 15,010 counts for
Pb. The concentration is calculated using the lead calibration factor:

10.0 ppb Pb

ppb Pb in sample = (15,010 counts)m

ppb Pb in sample = 12.5 ppb Pb

The percent error in this result due to instrumental drift is calculated:

measured value — true value
% Error = x 100
true value

12.5 —5.00
% Error = —500 x 100

% Error = +150

Table 2.8 Lead in Water With and Without Internal Standard

ppb Pb, no Ratio of  ppb Pb, with

Time of Pb counts, internal Pb counts, Bi counts, counts: internal
measurement  m/e = 208 standard ~ m/e =208 m/e =209 Pb/Bi standard
8 AM 6,028 5.00 6,028 60,010 0.1004 5.00
10 AM 6,063 5.03 6,063 60,075 0.1009 5.02
1 PM 15,010 12.5 15,010 149,206 0.1006 5.01
3 PM 7,789 6.46 7,789 78,398 0.0994 4.95
Mean 7.25 4.99
SD 3.57 0.03
% RSD 49.2 0.60
True value 5.00 5.00
% Error 45.0 —-0.2

Note: SD = standard deviation, % RSD = % relative standard deviation = (SD/mean) x 100.
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If the Bi internal standard signal is used and the ratio of the Pb signal to the Bi signal is
calculated, the internal standard calibration factor is obtained:

12,050 counts Pb

The sample run at § AM also contained Bi as an internal standard and the counts for Pb and Bi are
shown in Table 2.8. The ratio of the sample Pb counts to the sample Bi counts is 6028 counts
Pb/60,010 counts Bi = 0.1004. The Pb concentration in the sample is obtained as follows:
10.0 ppb Pb

0.2008
ppb Pb in sample = 5.00 ppb Pb

ppb Pb in sample = (0.1004)

This is the same result obtained without an internal standard. If the internal standard ratio is
used for all of the samples run during the day, the instrument “drift” is taken into account and the
correct results are obtained. For example, at 1 PM, the sample Pb counts are 15,010 and the
sample Bi counts are 149,206. These are clearly much higher than the counts obtained at
8 AM, but the ratio of Pb counts to Bi counts is 15,010/149,206 = 0.1006, and the calculated
Pb concentration in the 1 PM sample is:

10.0 ppb Pb
0.2008
ppb Pb in sample = 5.01 ppb Pb

ppb Pb in sample = (0.1006)

The percent error in this result is

5.01 —5.00
% Error = ——— x 100
0 CIror 5.00 X

% Error = 0.2

An error of 0.2% is well within the expected accuracy for an instrumental method.

Compare this correct result to the 12.5 ppb Pb result at 1 PM calculated with no
internal standard correction and the importance of using an internal standard when pos-
sible is clear.

2.5.4. Errors Associated with Beer’s Law Relationships

All spectrometric measurements are subject to indeterminate (random) error, which will
affect the accuracy and precision of the concentrations determined using spectrometric
methods. A very common source of random error in spectrometric analysis is instrumental
“noise”. Noise can be due to instability in the light source of the instrument, instability in
the detector, variation in placement of the sample in the light path, and is often a combi-
nation of all these sources of noise and more. Because these errors are random, they cannot
be eliminated. Errors in measurement of radiation intensity lead directly to errors in
measurement of concentration when using calibration curves and Beer’s Law.

We can evaluate the impact of indeterminate error due to instrumental noise on the infor-
mation obtained from transmittance measurements. The following discussion applies to UV/
VIS spectrometers operated in regions where the light source intensity is low or the detector
sensitivity is low and to IR spectrometers where noise in the thermal detector is significant.

From Beer’s Law, it can be shown that:

0.434AT

Ac/c = — 2.1
cfe TlogT 2.15)
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where Ac/c is the relative error in concentration and AT is the error in measurement of the
transmittance. The value of AT can be estimated from a large number (n > 20) of replicate
measurements of the same solution. If we assume that we have a constant error of 1% in
the measurement of 7, or AT = 0.01, the relative error in concentration can be calculated
using Eq. (2.15). Table 2.9 presents the relative error in concentration for a wide range of
transmittance measurements when a constant error of 1%7 is assumed. It can be seen from
Table 2.9 that the relative error in concentration is high when T is very low or very high;
significant errors result when using Beer’s Law at very low concentrations of analyte
(high %T) and at very high concentrations of analyte (low %7T).

We can plot the relative error data in Table 2.9 as a function of transmittance. The
resulting plot is shown in Fig. 2.15. It can be seen from this plot that the minimum relative
error occurs at T = 0.37 (37%T), although satisfactory results can be obtained over the
range of 15—-65%T. This range corresponds to an absorbance range of 0.82-0.19. For
the greatest accuracy in quantitative absorption measurements, it is advisable to determine
concentration from samples with absorbances between 0.82 and 0.19. Samples that are too
concentrated (A > 0.82) should be diluted to bring their absorbance values below 0.8.
Samples that are too dilute (A < 0.19) should be concentrated if possible, by evaporation
or solvent extraction. If it is not possible to alter the sample solution, the analyst must be
aware that the relative error will be large for very dilute or very concentrated samples
when using an instrument with the limitations described.

Modern UV /VIS spectrometers are generally limited by “shot noise” in the photon
detector as electrons cross a junction. In this case, the plot of relative uncertainty due to
indeterminate instrument error looks very different from Fig. 2.15. For good quality,
shot noise limited instruments, the relative error is high for very low values of A (high
%T), but absorbance values from 0.2 to above 2.0 have approximately the same low
(<1%) relative uncertainty. In other words, modern spectrometers are much more accu-
rate and precise than older ones because of improvements in instrument components.

Another way of plotting spectrometric data is to use the Ringbom method in which
the quantity (100 — %T) is plotted against the logarithm of the concentration. The result-
ing S-shaped curve is called a Ringbom plot. A Ringbom plot for absorption by Mn as
permanganate ion is shown in Fig. 2.16. The Ringbom plot shows the concentration
range where the analysis error is minimal; this is the steep portion of the curve where
the slope is nearly linear. The plot also permits the evaluation of the accuracy at any

Table 2.9 Relative Concentration Error from 1%
Spectrometric Error

Relative error in concentration

Transmittance (T) (Ac/c) x 100 (%)
0.02 12.8
0.08 49
0.15 3.5
0.30 2.8
0.37 2.7
0.45 2.8
0.65 3.6
0.80 5.6
0.97 33.8

Note: AT = 0.01; Ac/c = (0.434AT)/(T log T).
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Figure 2.15 Relative uncertainty in measured concentration due to random error in spectrometric
measurements due to some types of instrument noise. The data shown are for a constant 1% error in

transmittance. The curve will have the same shape for other values of error in 7, but the magnitude of
the uncertainty percentage will change.

concentration level. From Beer’s Law, it can be shown that the percent relative analysis
error for a 1% transmittance error is given by:

% relative analysis error  100Ac/c 230
1% transmittance error 1 ~ 1AT/Alogce

(2.16)

Because the quantity (AT/A log ¢) is the slope of the curve, the relative analysis
error per 1% transmittance error at any point on the curve is equal to 230 divided by
the slope at that point. The slope can be determined by constructing a tangent to the
curve at the desired concentration. The difference in y for a 10-fold difference in x is cal-
culated. This value, divided into 230, is the percent relative analysis error per 1% trans-
mittance error. For example, the slope between the two points labeled A in Fig. 2.16 is
determined by drawing a tangent which extends through the concentrations 2 and



Introduction to Spectroscopy 93

Evaluation of

100 e
range and accuracy

o=

90

o N

Range %RE

0/ A-A 420 28 /“

- B-B 2-25 5

or C-C 135 10

80

100 - %T

40 .

% : A

20 LA

0.1 2 4 6 81 2 4 6 810 20 40 60 80
Concentration, Mn, ppm

(log ©)

Figure 2.16 Ringbom plot of permanganate solution measured at 526 nm in a 1.00 cm cell.
%RE = percent relative error in concentration for a 1% error in transmittance. The magnitude of
%RE is shown for three ranges of Mn concentration. Mn concentration is in units of ppm Mn in
solution (1 ppm = 1 pg Mn/mL solution).

20 ppm (a 10-fold change) as shown. The values of y from the plot are 9% at 2 ppm and
90% at 20 ppm. The difference in y values is 90 — 9 = 81; therefore 230/81 = 2.8. The
relative analysis error is 2.8% over this range. Other ranges and their respective errors
are shown in Fig. 2.16 in the inset box at the top left. Of course, this calculation can be
done more accurately using a computer than manually drawing tangent lines.

A practical application of the Ringbom plot is the determination of the concentration
range over which the percent relative analysis error will not exceed a specified value. This
sort of limit is often set for industrial analyses, where specifications are set on upper and
lower limits of product composition based on spectrometric measurements.

Interpretation of the Ringbom plot leads to the same conclusions we deduced from
Fig. 2.15. The error is lowest at approximately 100 — %7 = 63, or 37%T. The relative
analysis error per 1% transmittance is about 2.8%. The error is not significantly greater
over the range (100 — %T) of 40—80%T, or between 20% and 60%T; this is the steep,
nearly linear portion of the Ringbom plot. At very low and very high values of
100 — %T, the slope of the Ringbom plot approaches zero and therefore the % relative
analysis error approaches infinity.

Table 2.10 provides a summary of the nomenclature, symbols, and definitions com-
monly used in spectroscopy. We will use these symbols throughout many of the later chapters.

2.6. OPTICAL SYSTEMS USED IN SPECTROSCOPY
In optical analytical spectroscopy the absorption or emission of radiation by a sample is

measured. The instrumentation designed to measure absorption or emission of radiation
must provide information about the wavelengths that are absorbed or emitted and the



94 Chapter 2

Table 2.10 Nomenclature and Definitions for Spectroscopy

Term Symbol Definition
Transmittance T, where Ratio of light intensity after passing through sample, I, to
T=1/I, light intensity before passing through sample, I
Absorbance A —log T = abc
Absorptivity a The proportionality constant a in Beer’s Law, A = abc
where A is absorbance, c is concentration, and b is path
length
Molar € The proportionality constant € in Beer’s Law, A = ebc,
absorptivity where A is absorbance, b is path length, and c is
concentration of the absorbing solution in molarity (M)
Path length b Optical path length through the sample
Sample c Amount of sample (usually in terms of the absorbing
concentration species) per unit volume or mass. Typical units are
g/mL, mol/L, ppm, %
Absorption Amax Wavelength at which greatest absorption occurs
maximum
Wavelength A Distance between consecutive wave crests
Frequency v Number of oscillations of a wave per second; the number of

wave crests passing a given point per second
1/A or the number of waves per centimeter

<

Wavenumber

intensity (/) or absorbance (A) at each wavelength. The instrumentation for spectroscopic
studies from the UV through the infrared regions of the spectrum is very similar in its
fundamental components. For the moment, the term spectrometer will be used to mean
an instrument used for optical spectroscopy. More specific terms for instruments will
be defined after the components are discussed.

Instruments for analytical spectroscopy require a radiation source, a wavelength
selection device such as a monochromator, a sample holder transparent to the radiation
range being studied, a detector to measure the intensity of the radiation and convert it
to a signal, and some means of displaying and processing the signal from the detector.
FT spectrometers, discussed subsequently, do not require a wavelength selection
device. If emitted radiation is being measured, the sample, excited by some means, is
the radiation source. If absorption, fluorescence, phosphorescence, or scattering of light
is measured, an external radiation source is required. The specific arrangement of these
components is referred to as the optics or optical configuration or optical layout of
the instrument. The optical layout of a simple single-beam absorption spectrometer is
shown schematically in Fig. 2.17. The placement of the sample holder and the wavelength

Dispersion element

Readout

Source Entrance slit Exit slit

Detector

Figure 2.17 Schematic diagram of a single-beam absorption spectrometer.
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selector may be inverted; in UV/VIS absorption spectrometry, the sample holder is
usually placed after the wavelength selector, so that monochromatic light falls on the
sample. For atomic absorption, IR, and fluorescence spectroscopy, the sample is usually
placed in front of the wavelength selector.

2.6.1. Radiation Sources
An ideal radiation source for spectroscopy should have the following characteristics:

1. The source must emit radiation over the entire wavelength range to be studied.

2. The intensity of radiation over the entire wavelength range must be high enough
so that extensive amplification of the signal from the detector can be avoided.

3. The intensity of the source should not vary significantly at different wave-
lengths.

4. The intensity of the source should not fluctuate over long time intervals.

5. The intensity of the source should not fluctuate over short time intervals. Short
time fluctuation in source intensity is called “flicker”.

The design of the radiation source varies with the wavelength range for which it is
used (e.g., IR, UV, visible) and details of specific sources will be discussed in the appro-
priate instrumentation chapter. Most sources will have their intensities change exponen-
tially with changes in voltage, so in all cases a reliable, steady power supply to the
radiation source is required. Voltage regulators (also called line conditioners) are available
to compensate for variations in incoming voltage. A double-beam optical configuration
may also be used to compensate for variations in source stability, as described in
Section 2.6.5.

There are two major types of radiation sources used in analytical spectroscopy, conti-
nuum sources and line sources. Continuum sources emit radiation over a wide range of
wavelengths and the intensity of emission varies slowly as a function of wavelength.
Typical continuum sources include the tungsten filament lamp which produces visible radi-
ation (white light), the deuterium lamp for the UV region, high pressure mercury or xenon arc
lamps for the UV region, and heated solid ceramics or heated wires for the IR region of the
spectrum. Xenon arc lamps are also used for the visible region. Continuum sources are used
for most molecular absorption and fluorescence spectrometric instruments. Line sources, in
contrast, emit only a few discrete wavelengths of light, and the intensity is a strong function
of the wavelength. Typical line sources include hollow cathode lamps and electrodeless dis-
charge lamps, used in the UV and visible regions for AAS and atomic fluorescence spec-
trometry, sodium or mercury vapor lamps (similar to the lamps now used in street lamps)
for lines in the UV and visible regions, and lasers. Lasers are high intensity coherent line
sources; lasers are available with emission lines in the UV, visible, and IR regions. They
are used as sources in Raman spectroscopy, molecular and atomic fluorescence spectroscopy.

2.6.2. Wavelength Selection Devices
2.6.2.1. Filters

The simplest and most inexpensive way to select certain portions of the electromagnetic
spectrum is with a filter. There are two major types, absorption filters and interference
filters. Absorption filters can be as simple as a piece of colored glass. In Section 2.1,
we discussed how blue glass transmits blue wavelengths of the visible spectrum but
absorbs red and yellow wavelengths. This is an example of an absorption filter for isolating
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the blue region of the visible spectrum. Colored glass absorption filters can be purchased
that isolate various ranges of visible light. These filters are stable, simple, and cheap,
so they are excellent for use in portable spectrometers designed to be carried into the
field. The biggest limitation is that the range of wavelengths transmitted is broad compared
with prisms and gratings which are also devices used to select a narrow wavelength range
from a broad band polychromatic source. The transmission range may be 50—300 nm for
typical absorption filters. Absorption filters are limited to the visible region of the
spectrum and the X-ray region.

The second type of filter is the interference filter, constructed of multiple layers of
different materials. The filter operates on the principle of constructive interference to trans-
mit selected wavelength ranges. The wavelengths transmitted are controlled by the thick-
ness and refractive index of the center layer of material. Interference filters can be
constructed for transmission of light in the IR, visible, and UV regions of the spectrum.
The wavelength ranges transmitted are much smaller than for absorption filters, generally
1-10 nm, and the amount of light transmitted is generally higher than for absorption filters.

2.6.2.2. Monochromator

A monochromator consists of a dispersion element, an entrance slit and an exit slit, plus
lenses and mirrors for collimating and focusing the beam of radiation. The function of the
dispersion element is to spread out in space, or disperse, the radiation falling on it according
to wavelength. The two most common types of dispersion elements are prisms and gratings.
You are probably already familiar with the ability of a prism to disperse white light into a
rainbow of its component colors.

The entrance slit allows light from the source to fall on the dispersion element. The
dispersed light falls on the exit slit of the monochromator. The function of the exit slit is to
permit only a very narrow band of light to pass through to the sample and detector. One way
to accomplish this is to rotate the dispersion element to allow dispersed light of different
wavelengths to fall on the exit slit in sequence. For example, a white light source is dispersed
into violet through red light by a prism or grating. The dispersion element is rotated slowly,
allowing first violet light through the exit slit, then blue light, and so on all the way to red
light. In this way, the monochromator sorts polychromatic radiation from a source into
nearly monochromatic radiation leaving the exit slit.

Prisms. Prisms are used to disperse IR, visible, and UV radiation. The most
common prisms are constructed of quartz for the UV region, silicate glass for the
visible and near-IR region, and NaCl or KBr for the IR region. Prisms are shaped like
bars with triangular cross-sections. The 60°—60°-60° triangle, called a Cornu prism
and shown in Fig. 2.17, is widely used, but other geometries are available. Polychromatic
light passing through the entrance slit is focused on a face of the prism such that refraction,
or bending, of the incident light occurs. Different wavelengths of light are refracted to
different degrees, and the spatial separation of wavelengths is therefore possible. The
refractive index of prism materials varies with wavelength. A quartz prism has a higher
index of refraction for short wavelength radiation than for long wavelength radiation;
therefore, short wavelength radiation is bent more than long wavelength radiation. In
the visible region of the spectrum, red light would be bent less than blue light on
passing through such a prism, as shown in Fig. 2.18. Prisms were historically the most
used dispersion devices in monochromators, but they have been replaced by diffraction
gratings or by FT systems.

Diffraction Gratings. UV, visible, and IR radiation can be dispersed by a diffrac-
tion grating. A diffraction grating consists of a series of closely spaced parallel grooves cut
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Figure 2.18 Dispersion of visible light by a prism.

(or ruled) into a hard glass, metallic, or ceramic surface (Fig. 2.19). The surface may be flat
or concave, and is usually coated on the ruled surface with a reflective coating. A grating
for use in the UV and visible regions will contain between 500 and 5000 grooves/mm,
while a grating for the IR region will have between 50 and 200 grooves/mm. Traditionally,
the grooves in a grating were cut mechanically with a diamond tipped tool, a time-
consuming and expensive operation. Such a grating is called a master, and is used as a
mold for casting replica gratings out of polymer resin. The replica gratings duplicate the
grooves in the master and are coated with a reflective coating, such as aluminum, for
use. Most instruments use replica gratings because they are much less expensive than a
master grating. Most gratings are now produced by a holographic technique. The grating
is made by coating the grating substrate with an optically flat photosensitive polymer
film. The film is exposed to the interference pattern from laser beams and the interference
pattern is “burned” into the film. The grooves from the interference pattern are then etched
into the substrate to make the master grating, using chemical or ion etching to shape the
grooves to the desired shape. The use of a laser interference pattern to form the grooves
results in more perfect gratings at lower cost than mechanically ruled master gratings.
These gratings, called holographic gratings, can be used in instruments directly or can
serve as master gratings for the manufacture of replica holographic gratings. Holographic
gratings can be made in many shapes other than the traditional plane or concave shape and
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Figure 2.19 Highly magnified schematic view of a diffraction grating.
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the grooves may be uniform or nonuniform in spacing, depending on the application. The
size of a typical diffraction grating varies from about 25 x 25 to 110 x 110 mm.

Dispersion of light at the surface of a grating occurs by diffraction. Diffraction of
light occurs because of constructive interference between reflected light waves. The
path of one wave is shown in Fig. 2.20. Parallel waves can be envisioned on adjacent
grooves. Constructive interference or diffraction of light occurs when

nA = d(sini + sin 6) 2.17)

where n is the order of diffraction (must be an integer: 1, 2, 3...); A, the wavelength of the
radiation; d, the distance between grooves; i, the angle of incidence of the beam of light;
and 6, the angle of dispersion of light of wavelength A.

The angle of incidence i and the angle of dispersion 6 are both measured from the
normal to the grating. For a given value of n, but different values of A, the angle of dis-
persion 0 is different. Separation of light occurs because light of different wavelengths
is dispersed (diffracted) at different angles.

One problem with gratings is that light with several different wavelengths may leave
the grating at the same angle of dispersion. For example, suppose that a beam of radiation
falls on a grating at an angle i. The angle of dispersion of the radiation is described by Eq.
(2.19). For a given angle of dispersion 6, the product nA is a constant. Any combination of
n and A that equals this constant will satisfy the equation. If A = 600 nm and n = 1 gives
an angle of dispersion = 6; then, if A = 200 nm and n is 3, the angle is also 6, and so on. In
practice, radiation with each of these wavelengths is dispersed at an angle 6 and travels
down the same light path, as illustrated in Fig. 2.21. Wavelengths of light that are
related in this way are said to be different orders of diffracted radiation. They are not sep-
arated by gratings, as is seen in Fig. 2.21. The wavelengths of radiation traveling the same
path after dispersion are related by the number n, which may take the value of any whole
number. On high quality spectrometers, different orders are separated by using a small
prism or a filter system as an order sorter in conjunction with the grating (Figs. 2.22
and 2.23). It is common for IR instruments to use filters as order sorters. As the grating
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Figure 2.20 Cross-section diagram of a diffraction grating showing diffraction of a single beam of
light. Symbols: i = angle of incidence, # = angle of diffraction (or reflectance), 3 = blaze angle of
the grating, d = grating spacing. (Modified from Dean and Rains, used with permission.)



Introduction to Spectroscopy 99

Incident beam y

( Grating l

Figure 2.21 The angle of diffraction of light from a grating depends not only on the wavelength
but also on the order of diffraction, n. Wavelengths of 200, 300, and 600 nm are diffracted at differ-
ent angles in first order (n = 1), but 200 nm light in third order (n = 3) and 300 nm light in second
order (n = 2) diffract at the same angle as 600 nm light in first order. The three wavelengths overlap.

rotates to different wavelength ranges, the filters rotate to prevent order overlap, and only
one wavelength reaches the detector. An excellent tutorial on diffraction gratings and the
optics of spectroscopy is available on the Internet from the instrument company Jobin
Yvon at www.jyhoriba.co.uk by typing “optics tutorial” into the search box.

2.6.2.3. Resolution Required to Separate Two Lines of Different Wavelength

Resolution of a Monochromator. The ability to disperse radiation is called
resolving power. Alternative designations include dispersive power and resolution. For
example, in order to observe an absorption band at 599.9 nm without interference from
an absorption band at 600.1 nm, we must be able to resolve, or separate, the two bands.

The resolving power R of a monochromator is equal to A/8A, where A is the average
of the wavelengths of the two lines to be resolved and 0A is the difference in wavelength
between these lines. In the present example the required resolution is

A

R=—-
A

(2.18)

R — average of 599.9 and 600.1 _ 600 3000
" absolute difference between 599.9 and 600.1 0.2

600 nm

Original beam

Siit

Figure 2.22 Prism used as an order sorter for a grating monochromator.
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Figure 2.23 A filter is used as an order sorter to prevent higher order wavelengths from reaching
the grating.

Resolution of a Prism. The resolving power R of a prism is given by

R=12
dA
where ¢ is the thickness of the base of the prism and d7/dA is the rate of change of dis-
persive power (or refractive index) m of the material of the prism with wavelength. For
the resolution of two beams at two wavelengths A and A,, it is necessary that the refractive
index of the prism be different at these wavelengths. If it is constant, no resolution occurs.
The resolving power of a prism increases with the thickness of the prism. Resolution can
be maximized for a given wavelength region by choosing the prism material to maximize
dn/dA. For example, glass prisms disperse visible light better than quartz prisms. For
maximum dispersion, a prism is most effective at wavelengths close to the wavelength
at which it ceases to be transparent. At longer wavelengths, the resolving power decreases.
Resolution of a Grating. The resolving power of a grating is given by

(2.19)

R=nN (2.20)

where n is the order and N is the total number of grooves in the grating that are illuminated
by light from the entrance slit. Therefore, longer gratings, smaller groove spacing, and the
use of higher orders (n > 1) result in increased resolution. Suppose that we can obtain a
grating with 500 lines/cm. How long a grating would be required to separate the sodium D
lines at 589.5 and 589.0 nm in first order?

We know from Eq. (2.18) that the required resolution R is given by

_589.25

R =1178.5
The resolution of the grating must therefore be at least 1179 (to four significant figures).
But R (for a grating) = nN; therefore, 1179 = nN. Since we stipulated first order, n = 1;
hence N, the total number of lines, is 1179. But the grating contains 500 lines/cm. It must
be (1179/500) cm long, or 2.358 cm. This assumes that all of the grating surface is
illuminated during use.

In a separate example, we may ask how many lines per centimeter must be cut on a
grating 3.00 cm long to resolve the same sodium D lines, again assuming that the entire
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grating is illuminated. As before, the required resolution is 1179, and for first order,
nN = N = 1179 total lines required. Therefore, the number of lines needed per cm is:

N/cm = 1179/3.00 cm = 393 lines/cm

It is not possible to cut a fraction of a line or to illuminate a fraction of a line; hence N must
be a whole number in all calculations. This may require rounding off a calculated answer
to the nearest whole number of lines.

Dispersion of a Grating Monochromator. The resolution of a monochromator
measures its ability to separate adjacent wavelengths from each other. Resolution is related
to a useful quantity called the reciprocal dispersion, or reciprocal linear dispersion, D "

b

=% (2.21)

where the reciprocal linear dispersion equals the change in wavelength, dA, divided by dy, the
corresponding change in y, the distance separating the wavelengths along the dispersion axis.
Units for D~ are usually nm /mm. The reason D ~!is useful is that the spectral bandpass or
spectral bandwidth of the light exiting a monochromator is directly related to D ' and the slit
width of the monochromator.

Spectral bandwidth = sD ™! (2.22)

where s is the slit width of the monochromator. The spectral bandwidth represents the width of
wavelength range of 75% of the light exiting the monochromator. For a monochromator that
uses a grating as the dispersion device, the reciprocal linear dispersion for the grating is:

p=4

== (2.23)

where d is the distance between two adjacent grooves on the grating, n is the diffraction order,
and F is the focal length of the monochromator system. The reciprocal dispersion for a grating
is therefore essentially constant with respect to wavelength.

The dispersion of a prism-based monochromator is a more complex calculation and
will not be covered, due to the predominance of gratings in even inexpensive modern
instruments.

Echelle Monochromator. From Figs. 2.19 and 2.20, you can see that the cuts
shown on the surface of the gratings are not symmetrical v-shapes. Each cut has a short
face and a long face. This type of grating is known as a blazed grating. The conventional
blazed diffraction grating uses the long face of the groove, as seen in Fig. 2.20, and the
angle of the cut, called the blaze angle B is generally optimized for first order diffraction.
It is possible to rule a grating with a much higher blaze angle and to use the short side of
the groove for diffraction; this type of grating is called an echelle grating. The angle of dis-
persion 6 is much higher from an echelle grating than from a conventional grating. The
echelle system improves dispersion by this increase in 6 and by the use of higher orders
(larger values of n). The result is a 10-fold improvement in resolution over a conventional
grating monochromator of the same focal length. Because of the multiple high orders dif-
fracted, it is necessary to use a second dispersing element to sort the overlapping orders.
The second dispersing element, called a cross-disperser, is arranged to sort the light at
right angles to the grating, so a two-dimensional (2D) spectrum results. An echelle optical
layout for AES is shown in Fig. 2.24. An example of the 2D output, with wavelength
plotted on the y-axis and diffraction order on the x-axis, is shown in Fig. 2.25. Commercial
echelle spectrometers are used in AES and will be discussed in Chapter 7.
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Figure 2.24 An Echelle spectrometer optical layout. The Echelle grating disperses the light to
a second wavelength selector, called a cross-disperser. The cross-disperser may be a prism or a
conventional grating. (From Boss and Fredeen, used with permission.)
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Figure 2.25 Tllustration of the 2D array of dispersed light produced by the Echelle spectrometer.
(From Boss and Fredeen, used with permission.)
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2.6.3. Optical Slits

A system of slits (Fig. 2.17) is used to select radiation from the light beam both before and
after it has been dispersed by the wavelength selector. The jaws of the slit are made of
metal and are usually shaped like two knife edges. They can be moved relative to each
other to change the mechanical width of the slit as desired. For the sake of simplicity,
Fig. 2.17 does not show the system of lenses or mirrors used in a monochromator to
focus and collimate the light as needed.

The entrance slit permits passage of a beam of light from the source. Radiation from
the light source is focused on the entrance slit. Stray radiation is excluded. After being
passed through the entrance slit, the radiation is collimated into a parallel beam of
light, which falls onto and completely illuminates one side of the prism or the entire
grating. The prism or grating disperses the light in different directions according to wave-
length. At the setting selected for the dispersion device, one wavelength is refocused onto
the exit slit. Light of other wavelengths is also focused, but not onto the exit slit. Ideally,
the light is an image of the entrance slit. It is redirected and focused onto the detector for
intensity measurement.

Lenses or front-faced mirrors are used for focusing and collimating the light. In the
IR, front-faced mirrors are always more efficient than lenses and do not absorb the radi-
ation. They are also easily scratched, since the reflecting surface is on the front and not
protected by glass, as is the case with conventional mirrors. Back-faced mirrors are not
used because the covering material (e.g., glass) may absorb the radiation. One type of
monochromator system using mirrors for focusing and collimation and a grating for dis-
persion is presented in Fig. 2.26, with the entrance and exit slits shown.

The physical distance between the jaws of the slit is called the mechanical slit width.
Instruments normally have a micrometer scale attached so that one can read off the

Concave
mirrors

Plane grating

Figure 2.26 A grating monochromator showing the optical slits. The entrance slit is on the right
and the exit slit on the left. (From Dean and Rains, used with permission.)
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mechanical slit width directly; computer-controlled instruments set and read the slit width
through the software that controls a stepper motor operating the slit mechanism. In UV
absorption spectroscopy mechanical slit widths are of the order of 0.3—4 pm. In IR spec-
troscopy slit widths between 0.1 and 2.0 mm are common for dispersive instruments.
There are no slits in FTIR spectrometers.

The wavelength range of the radiation that passes through the exit slit is called the
spectral bandpass or spectral bandwidth or spectral slit width. This bandpass can be
measured by passing an emission line of very narrow width through the slits to the detec-
tor. By rotating the dispersion element we can record the wavelength range over which
response occurs. After correcting for the actual width of the emission line, we can calcu-
late the spectral bandpass. For example, to measure the spectral bandpass for a mono-
chromator system used as an AAS, we can use a cadmium hollow cathode lamp, which
produces very narrow atomic emission lines from cadmium. One of those lines occurs
at 228.8 nm. We move our dispersion device and monitor the signal at the detector. The
emission line from cadmium gave a signal at all wavelengths from 228.2 to 229.4 nm.
This means that the cadmium emission line reached the detector over a wavelength
range that was 1.2 nm wide. Therefore, 1.2 nm is the spectral bandpass of this mono-
chromator system. In this example, no correction was made for the actual width of the
cadmium 228.8 nm line, which is about 0.001 nm and is negligible in this case. The
signal that is measured in the above experiment has a Gaussian peak shape. The spectral
bandwidth is usually defined as the width of the signal peak at one-half of the maximum
peak height, called the full width at half maximum or fwhm. Spectral bandpasses are
normally on the order of 0.3—4 nm. Note that the spectral bandwidth is three orders of
magnitude smaller than the physical slit width, nm vs. pm.

If the mechanical slit width were made wider, the spectral bandpass would sim-
ultaneously increase and vice versa. The spectral bandpass is one of the components of
the spectrometer that affects resolution. For example, with the mechanical slit settings
described, it would not be possible to resolve an emission line at 229.0 nm from the
228.8 nm Cd line, because both would pass through the slits. In practice, the slits are
kept as narrow as possible to ensure optimum resolution; however, they must be wide
enough to admit sufficient light to be measured by the detector. The final choice of slit
width is determined by the analyst based on the particular sample at hand. A good rule
of thumb is to keep the slits as narrow as possible without impairing the functioning of
the detector or the ability to detect a specified amount of analyte.

By rotating the prism or grating (or by moving the exit slit across the light beam
from the monochromator), the wavelength range passing through the exit slit can be
changed. By continuously rotating the dispersion element from one extreme to another,
the complete spectrum can be scanned.

2.6.4. Detectors

The detector is used to measure the intensity of the radiation that falls on it. Normally, it
does this by converting the radiation energy into electrical energy. The amount of energy
produced is usually low and must be amplified. The signal from the detector must be
steady and representative of the intensity of radiation falling on it. If the signal is amplified
too much, it becomes erratic and unsteadys; it is said to be noisy. The degree of random
variation in the signal is called the noise level. Amplifying the signal from the detector
increases its response. In practice, the response can be increased until the noise level of
the signal becomes too great; at this point the amplification is decreased until the noise
level becomes acceptable.
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There are a number of different types of photon detectors, including the photo-
multiplier tube, the silicon photodiode, the photovoltaic cell, and a class of multichannel
detectors called charge transfer devices. Charge transfer detectors include photodiode
arrays, charge-coupled devices (CCDs), and charge-injection devices (CIDs). These detec-
tors are used in the UV /VIS and IR regions for both atomic and molecular spectroscopy.

In addition to photon detectors, there are several important detectors that measure
heat. These heat detectors or thermal detectors are particularly useful in the IR region,
where the energy of photons is very low. The detectors will be discussed at length in the
following chapters on specific techniques, for example, IR detectors in Chapter 4, photo-
multiplier detectors and photodiodes in Chapter 5, and charge coupled devices and charge
injection devices in Chapter 7.

2.6.5. Single-Beam and Double-Beam Optics

Single-beam optics, shown schematically in Fig. 2.17, are used for all spectroscopic emission
methods. In emission procedures the sample is put where the source is located in Fig. 2.17. In
spectroscopic absorption studies the intensity of radiation before and after passing through
the sample must be measured. When single-beam optics are used, any variation in the
intensity of the source while measurements are being made may lead to analytical errors.
Slow variation in the average signal (not noise) with time is called drift, displayed in
Fig. 2.27. Drift can cause a direct error in the results obtained. As shown in Fig. 2.27, a
signal has been set to zero at Time 0 with no analyte present. As time increases toward
Time 1, the signal with no analyte present (called the baseline signal) increases due to
drift. At Time 1, a sample is measured and gives an increased signal due to analyte
present (the peak shown above the baseline). The total signal, sample plus baseline, at
Time 1 is 5 units. The baseline continues to drift upwards and at Time 2, the sample is
measured again. As can be seen in the figure, the peak for the sample above the baseline
is the same height as the peak at Time 1, but the total signal (peak plus baseline) is now
10 units. If the baseline drift were not accounted for, the analyst would conclude that the
sample at Time 2 has twice as much analyte as the sample at Time 1—a direct error.
There are numerous sources of drift. The radiation source intensity may change
because of line voltage changes, the source warming up after being recently turned on,
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Figure 2.27 Error caused by baseline drift in a spectroscopic measurement.
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or the source deteriorating with time. The monochromator may shift position as a result of
vibration or heating and cooling causing expansion and contraction. The line voltage to the
detector may change, or the detector may deteriorate with time and cause a change in
response. Errors caused by drift lead to an error in the measurement of the emission
signal or the absorption signal compared with the standards used in calibration. The
problem can be reduced by constantly checking the light intensity or by using a standard
solution measured at frequent intervals during the analysis. Single-beam optics are par-
ticularly subject to errors caused by drift. However, the problems associated with drift
can be greatly decreased by using a double-beam system.

The double-beam system is used extensively for spectroscopic absorption studies.
The individual components of the system have the same function as in the single-beam
system, with one very important difference. The radiation from the source is split into
two beams of approximately equal intensity using a beam splitter, shown in Fig. 2.28.
One beam is termed the reference beam; the second beam, which passes through the
sample, is called the sample beam. The two beams are then recombined and pass
through the monochromator and slit systems to the detector. This is illustrated schemati-
cally in Fig. 2.28. In this schematic, there is a cell in the reference beam that would be
identical to the cell used to hold the sample. The reference cell may be empty or it may
contain the solvent used to dilute the sample, for example. This particular arrangement
showing the monochromator after the sample is typical of a dispersive IR double-beam
spectrophotometer. There are many commercial variations in the optical layout of
double-beam systems.

As shown in Fig. 2.29(a), the beam splitter may be a simple mirror plate into which a
number of holes are drilled. Light is reflected by the mirror plate and passes down the sample
beam path. An equal portion of light passes through the holes in the plate and forms the
reference beam. Another convenient beam splitter is a disk with opposite quadrants
removed [Fig. 2.29(b)]. The disk rotates in front of the radiation beam and the mirrored
surface reflects light into the sample path. The missing quadrants permit radiation to pass
down the reference path. Each beam of light is intermittent and arrives at the detector in
the form of an alternating signal. When no radiation is absorbed by the sample, the two
beams are equal and recombine and form a steady beam of light. However, when radiation
is absorbed by the sample the two beams are not equal, and an alternating signal arrives at
the detector. This is illustrated in Fig. 2.30.

Using the double-beam system, we can measure the ratio of the reference beam
intensity to the sample beam intensity. Because the ratio is used, any variation in the inten-
sity of radiation from the source during measurement does not introduce analytical error.

Beam splitter

Reference beam ﬂ
D U Beam collector

Source
Reference Exit slit
Entronce slit
Sample beam [_] Detector and
U readout
Sample

Figure 2.28 Schematic diagram of a double-beam optical system.
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Figure 2.29 (a) Plate beam splitter. (b) Rotating disk beam splitter (or chopper).

This advantage revolutionized absorption spectroscopy. If there is a drift in the signal, it
affects the sample and reference beams equally. The recombined beam will continue to
give accurate signal information unless the drift is very great, in which case correction
is not complete. Absorption measurements made using a double-beam system are virtually
independent of drift and therefore more accurate.

2.6.6. Dispersive Optical Layouts

The configuration of the common components of dispersive spectroscopy systems is shown
for the most used types of spectroscopy. In layouts 1 and 3, an external source of radiation
is required, but for 3, the source is generally oriented at right angles to the sample. Emis-
sion, layout 2, does not require an external radiation source; the excited sample is the
source. For absorption, fluorescence, phosphorescence, and scattering, the source radiation
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Figure 2.30 Radiation intensity reaching the detector using double-beam optics and a rotating
disk beam splitter. (a) No absorption by the sample; (b) 50% absorption by the sample.
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passes through the dispersive device, which selects the wavelength, and into the sample.
The selected wavelength passes through the sample and reaches the detector, where the
intensity of the signal is converted to an electrical signal. In emission, the radiation that
emanates from the sample passes through the dispersive device, which selects one wave-
length at a time to reach the detector. The detector signal in all types of spectroscopy
is often processed (amplified, smoothed, derivatized, or otherwise transformed) and an
output is obtained. The output may be graphical (e.g., a plot of intensity vs. wavelength
or what we call a spectrum), tabular or both. In some absorption spectrometers, the position
of the sample and the dispersive device may be reversed. In AAS for example, the sample is
positioned between the source and the dispersive device for reasons discussed in Chapter 6.

1. Absorption spectroscopy:
Source — Dispersive device — Sample — Detector — Data output
2. Emission spectroscopy:
Sample — Dispersive device — Detector — Data output
3. Fluorescence, phosphorescence, and scattering spectroscopy:
Sample — Dispersive device — Detector — Data output

T

Dispersive device

T

Source

2.6.7. Fourier Transform Spectrometers

The dispersive spectroscopy systems discussed above separate light into its component wave-
lengths and spread them into a spectrum. In these systems, the intensity can be measured at
each point along a path where wavelength is proportional to position. The intensity over a
narrow region around each point in the spectrum can be determined by slowly moving the
grating so that each region of the dispersed spectrum passes by a single fixed detector or alter-
natively by simultaneously measuring all regions with a continuous array of detectors.
The latter approach acquires more information in less time. It is achieved in the UV/VIS
region by employing one-dimensional (1D) photodiode arrays or 2D CCDs, similar to
those found in modern digital cameras. These will be discussed in Chapters 5-7.

Detectors for the less energetic IR wavelengths cannot be as easily miniaturized, so
dispersive IR operates with the slow scanning approach. To obtain high wavelength res-
olution with scanning instruments requires restricting the wavelength region reaching
the detector to a very narrow window. This in turn requires scanning the spectrum
slowly to achieve a desired sensitivity.

Alternatively, one may measure the light at all wavelengths simultaneously in a
manner that will permit reconstruction of the intensity vs. wavelength curve (i.e., the spec-
trum). If the wavelength information is encoded in a well-defined manner, such as by
modulation of the light intensity using an interferometer, mathematical methods allow
the information to be interpreted and presented as the same type of spectrum obtained
from a dispersive instrument. An instrument that does this without a dispersive device
is called a multiplex instrument. If all of the wavelengths of interest are collected at
the same time without dispersion, the wavelengths and their corresponding intensities
will overlap. The resulting overlapping information has to be sorted out in order to plot
a spectrum. A common method of sorting or “deconvoluting” overlapping signals of
varying frequency (or wavelength) is a mathematical procedure called Fourier analysis.
The example presented here is to IR spectroscopys, its first application in instrumental
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analytical chemistry, but the principle is also employed with other techniques in
which analytical data is displayed as a spectrum of response vs. frequency, for
example, NMR and ion cyclotron resonance MS.

Fourier analysis permits any continuous curve, such as a complex spectrum of inten-
sity peaks and valleys as a function of wavelength or frequency, to be expressed as a sum of
sine or cosine waves varying with time. Conversely, if the data can be acquired as the
equivalent sum of these sine and cosine waves, it can be Fourier transformed into the spec-
trum curve. This requires data acquisition in digital form, substantial computing power,
and efficient software algorithms, all now readily available at the level of current gener-
ation personal computers. The computerized instruments employing this approach are
called FT spectrometers—FTIR, FTNMR, and FTMS instruments, for example.

FT optical spectroscopy uses an interferometer similar in design to that of the
Michelson interferometer shown schematically in Fig. 2.31. To simplify the discussion,
we will initially consider a source that produces monochromatic radiation of wavelength
A. The source radiation strikes the beam splitter, which transmits half of the light to the
fixed mirror and reflects the rest to a mobile mirror. The mobile mirror can be programmed
to move at a precisely controlled constant velocity along the path of the beam. The beams
are reflected from the mirrors back to the beam splitter. Half of each ray is directed through
the sample holder to the detector. The other halves travel back in the direction of the
source and do not need to be considered further. If the fixed and mobile mirrors are at
exactly equal distances from the beam splitter, the two half beams will combine in phase.
The combined wave will have twice the amplitude of each half and the detector signal
will be at its maximum. If the mobile mirror then moves a distance equal to A/4, the two
half beams will combine 180° (i.e., A/2) out of phase. The beams interfere destructively
and the detector registers no signal. For all other values of path difference between the
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Figure 2.31 Schematic of a Michelson interferometer-based FTIR spectrometer.
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mirrors, partial destructive interference occurs. As the mobile mirror moves at constant
speed, the signal reaching the detector cycles regularly through this repetitive pattern of con-
structive and destructive interference. It maximizes when the path difference & is an integral
multiple of A and goes to zero when & is a half-integral multiple of A. In FTIR, & is called the
retardation. For monochromatic light a plot of the signal (power, intensity) vs. 0 is called an
interferogram and has the form of a simple pure cosine curve:

P(8) = B() cos(2dit) (2.24)

where P(6) is the amplitude of the signal reaching the detector, B(u) is a frequency dependent
constant that accounts for instrumental variables such as detector response, the amount of
light transmitted or reflected by the beam splitter, and the source intensity. The wavenumber
u is equal to 1/A. The interferogram is the record of the interference signal reaching the
detector. It is actually a “time-domain” spectrum; it records how the detector response
changes with time. If the sample absorbs light at a specific frequency, the amplitude of
that frequency changes. For a continuum source (a source with a continuously variable
output of all wavelengths over the region of interest) the interferogram is a complex curve
that can be represented as the sum of an infinite number of cosine waves and different ampli-
tudes that reflect absorption of light by the sample. Although complex, if the interferogram is
sampled at a sufficient number of points, modern computers using an FFT can process the
interferogram and identify enough of the cosine waves to permit deconvolution of the
data into the IR spectrum plot of intensity vs. wavelength. This will be discussed at
greater length in Chapter 5 for FTIR, and in Chapter 3 for FTNMR.

2.6.7.1. Advantages of FT Systems

Compared with dispersive systems FT spectrometers produce better S/N ratios. This results
from several factors. FT instruments have fewer optical elements and no slits, so the inten-
sity of the radiation reaching the detector is much higher than in dispersive instruments.
The increase in signal increases the S/N ratio. This is called the throughput advantage or
Jacquinot advantage. All available wavelengths are measured simultaneously, so the time
needed to collect all the data to form a spectrum is drastically reduced. An entire IR spec-
trum can be collected in less than 1s. This makes practical the collection and signal
averaging of hundreds of repetitions of the spectrum measurement. The theoretical improve-
ment in S/N from signal averaging is proportional to the square root of the number of spectra
averaged, (n)l/ 2. This advantage is called the multiplex or Fellgett advantage.

FT spectrometers have high wavelength reproducibility. In an FTIR spectrometer,
the position of the mobile mirror during its motion is continuously calibrated with
extreme precision by parallel interferometry through the optical system using highly
monochromatic light from a visible range laser, seen in Fig. 2.31. This accurate posi-
tion measurement translates into accurate and reproducible analytical wavelength
measurements after Fourier transformation of the interferogram. This accurate position
measurement permits the precise addition of multiple spectra to achieve the multiplex
advantage.

It should be noted that FT spectrometers are single-beam instruments. The back-
ground must be collected separately from the sample spectrum. The ratio of the two
spectra results in a background-corrected spectra, similar to that obtained from a
double-beam instrument. While the sample and background spectra are not collected at
exactly the same time, because the spectra can be collected rapidly and processed
rapidly, background spectra can be collected regularly to avoid the problems encountered
with a single-beam dispersive instrument.
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2.7. SPECTROSCOPIC TECHNIQUE AND INSTRUMENT
NOMENCLATURE

Spectroscopy and spectroscopic instrumentation has evolved over many years. It is not
surprising that the terminology used has also evolved and is in fact constantly evolving.
Scientific terms are often defined by professional organizations and sometimes these
organizations do not agree on the definitions, leading to the use of the same term to
mean different things. Scientists (and students) have to keep up to date on the meaning
of terms in order to communicate effectively but must also know the older usage of
terms in order to understand the literature. The term spectroscopy means the study of
the interaction of electromagnetic radiation and matter. The term spectrometry is used
for quantitative measurement of the intensity of one or more wavelengths of electro-
magnetic radiation. Spectrophotometry is a term reserved for absorption measurements,
where the ratio of two intensities (sample and reference) must be measured, either simul-
taneously in a double-beam system or sequentially in a single-beam system. The term is
gradually being replaced by spectrometry; for example, atomic absorption spectrometry
is now more common than atomic absorption spectrophotometry.

The terms used for instruments generally distinguish how wavelengths are selected
or the type of detector used. An optical spectrometer is an instrument that consists of
a prism or grating dispersion device, slits, and a photoelectric detector to measure
transmittance or absorbance. However, the term spectrometer is now also applied to IR
interferometer-based FT systems that are nondispersive and have no slits. Spectro-
photometer used to mean a double-beam spectrometer; however, the term is now used
for both single-beam and double-beam dispersive spectrometers used for absorption
measurements. A photometer is a spectroscopic instrument that uses a filter to select
the wavelength instead of a dispersive device. A spectrograph is an instrument with a dis-
persive device that has a large aperture instead of a tiny exit slit and uses either photo-
graphic film for detection (now almost obsolete) or a solid-state imaging detector.
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SUGGESTED EXPERIMENTS

2.1

2.2

23

You will need a UV/VIS spectrophotometer for this experiment and plastic
or glass sample holders, either cuvettes or test tubes, depending on your
instrument.

(a) Prepare suitable standard solutions of (1) 0.1 g KMnO, per liter of water,
(2) 1.0 g K;Cr05 per liter of water, and (3) water-soluble red ink diluted
50% with water.

(b) Measure the absorption spectrum from 700 to 350 nm and determine the
wavelength of maximum absorption for each solution.

(c) Measure the transmittance /1, at the wavelength of maximum absorp-
tion determined for each solution.

(a) Choose one of the standard solutions prepared in Experiment 2.1(a) and
measure the transmittance at the wavelength where maximum absorp-
tion occurs. Take 50 mL of this solution (solution A) and transfer it to
a 100 mL volumetric flask; make up to volume with deionized water.
This is solution B. Measure and record the transmittance of solu-
tion B. Dilute solution B by 50% to obtain solution C. Measure the trans-
mittance of solution C. Repeat this process to produce solutions D, E,
and F.

(b) Prepare a graph correlating transmittance 7 and the concentrations of
solutions A, B, C, D, E, and F. Note: You can use most commercial
spreadsheet programs (e.g. Excel) or the software package on many
spectrophotometers to do the curve-fitting and graph.

(c) From the data obtained in step (a), calculate A, the absorbance of each
solution. Prepare a graph correlating A, the absorbance, with the concen-
trations of solutions A, B, C, D, E, and F.

(d) Is one graph preferred over the other for use in obtaining information
about concentrations of unknown samples? Why or why not?

(a) Add 10.0 mL of the K,Cr,O; solution prepared in Experiment 2.1 to

10.0 mL of the KMnO, solution prepared in Experiment 2.1. Mix well

and measure the absorption spectrum. (b) Add 10.0 mL of the K,Cr,O;

solution prepared in Experiment 2.1 to 10.0 mL of deionized water. Mix

well and measure the absorption spectrum. (c) Add 10.0 mL of the

KMnO, solution prepared in Experiment 2.1 to 10.0 mL of deionized

water. Mix well and measure the absorption spectrum. Using the wave-

length of maximum absorption for each compound, answer the following
questions. Is there a change in the absorbance at the wavelengths of
maximum absorption for the solution containing both compounds com-
pared with the solutions containing a single compound? Is the total
amount of light absorbed by the single solutions equal to the amount

absorbed by the mixture? Would this change in absorbance (if any) be a

source of error? Is the error positive or negative? Can you think of



Introduction to Spectroscopy 113

24

ways to correct for this error if you have to measure a mixture of potass-
ium permanganate and potassium dichromate?

Measure the absorbance of a freshly prepared aqueous solution of KMnQy, at its
wavelength of maximum absorption. The concentration of the solution should be
such that the absorbance is about 0.6—0.8. Make the solution in a volumetric
flask and make your first measurement by pouring the solution into the
sample holder directly from the flask. Now, pour the solution from the flask
into a beaker or wide-mouth jar (you want to maximize the surface area).
Leave the container open to the atmosphere for 5 min and then measure the
absorbance of the solution again. Repeat measurements at 5 min intervals. (If
no change is seen, cap the sample and shake it well, then uncap and allow it
to sit in the air.) Plot the measured absorbance against the time exposed to the
air. The change is caused by the chemical instability of the KMnO, (it reacts
with the air). If it were being used as a standard solution for calibration, this
change would be a source of error. Many standard solutions are subject to this
sort of error to a greater or lesser extent, and precautions must be taken to
prevent and avoid this source of trouble. Suggest two ways to avoid this
problem with KMnO,.

PROBLEMS

2.1
22
23
24

2.5

2.6

2.7

2.8

29

2.10

2.11

A molecule absorbs radiation of frequency 3.00 x 10" Hz. What is the

energy difference between the molecular energy states involved?

What frequency of radiation has a wavelength of 500.0 nm?

Describe the transition that occurs when an atom absorbs UV radiation.

Arrange the following types of radiation in order of increasing wavelength: IR,

radiowaves, X-rays, UV, and visible light.

For a given transition, does the degree of absorption by a population of atoms

or molecules depend on the number in the ground state or the excited state?

Explain.

For a given transition, does the intensity of emission by a population of atoms

or molecules depend on the number in the ground state or the excited state?

Explain.

Briefly describe three types of transitions that occur in most molecules, includ-

ing the type of radiation involved in the transition.

State the mathematical formulation of the Beer—Lambert—Bouguer Law and

explain the meaning of each symbol in the equation.

(a) Define transmittance and absorbance.

(b) What is the relationship between concentration and (1) transmittance,
(2) absorbance?

Using Fig. 2.16, calculate the slope of the tangent drawn through the lower

point marked B by extending the line to cover a 10-fold difference in concen-

tration. Confirm that the range shown for B—-B for 1% R.E. is correct by

finding where on the upper portion of the curve you have a slope equal to

the one you just calculated. Repeat the calculation for point C and confirm

the C—C range.

The following data were obtained in a external standard calibration for the

determination of iron by measuring the transmittance, at 510 nm and
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1.00 cm optical path, of solutions of Fe*™ reacted with 1, 10-phenanthroline to
give a red-colored complex.

Fe conc. (ppm) %T Fe conc. (ppm) %T
0.20 90.0 3.00 26.3
0.40 82.5 4.00 17.0
0.60 76.0 5.00 10.9
0.80 69.5 6.00 7.0
2.00 41.0 7.00 4.5

(a) Calculate A, the absorbance, for each solution and plot A against concen-
tration of iron. (You can do this using a spreadsheet program very easily.)
Does the system conform to Beer’s Law over the entire concentration
range? (b) Calculate the average molar absorptivity of iron when it is deter-
mined by this method. (c) Plot (100 — %T) against log concentration
(Ringbom method). (1) What are the optimum concentration range and the
maximum accuracy (percent relative error per 1% transmittance error) in
this range? (2) Over what concentration range will the relative analysis
error per 1% transmittance error not exceed 5%?

The following data were obtained in a standard calibration for the determi-
nation of copper, as Cu(NH;);", by measuring the transmittance using a
filter photometer.

Cu conc. (ppm) %T Cu conc. (ppm) %T
0.020 96.0 0.800 27.8
0.050 90.6 1.00 232
0.080 84.7 1.40 17.2
0.100 81.4 2.00 12.9
0.200 66.7 3.00 9.7
0.400 473 4.00 8.1
0.600 35.8

Calculate A, the absorbance, for each solution and plot A against concentration
of copper. (You can do this using a spreadsheet program very easily.) Does the
system, measured under these conditions, conform to Beer’s Law over the
entire concentration range? Is any deviation from the law of small or of
large magnitude? Suggest a plausible cause for any deviation.

An amount of 0.200 g of copper is dissolved in nitric acid. Excess ammonia is
added to form Cu(NH3)§+, and the solution is made up to 1 L. The following
aliquots of the solution are taken and diluted to 10.0 mL: 10.0, 8.0, 5.0, 4.0,
3.0, 2.0, and 1.0 mL. The absorbances of the diluted solution were 0.500,
0.400, 0.250, 0.200, 0.150, 0.100, and 0.050, respectively. A series of
samples was analyzed for copper concentration by forming the Cu(NH)3"
complex and measuring the absorbance. The absorbances were (a) 0.450,
(b) 0.300, and (c) 0.200. What were the respective concentrations in the
three copper solutions? If these three samples were obtained by weighing
out separately (a) 1.000 g, (b) 2.000 g, and (c) 3.000 g of sample, dissolving
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2.14

2.15

2.16

2.17

2.18

2.19
2.20

221

222

2.23

and diluting to 10.0 mL, what was the original concentration of copper in each
sample?

Describe the standard addition method for measuring concentration of an
unknown. What are the advantages of this method of calibration?

Describe the use of an internal standard for calibration. What characteristics
must a species possess to serve as an internal standard? What are the advan-
tages of the internal standard method?

Describe what you would do for samples whose absorbances fell above the
absorbance of your highest calibration standard.

What range of % transmittance results in the smallest relative error for an
instrument limited by (a) noise in the thermal detector of an IR spectrometer?
(b) shot-noise?

What is A if the percentage of light absorbed is (a) 90%, (b) 99%, (c) 99.9%,
and (d) 99.99%.

What is the purpose of having and measuring a reagent blank?

An optical cell containing a solution was placed in a beam of light. The orig-
inal intensity of the light was 100 units. After being passed through the
solution, its intensity was 80 units. A second similar cell containing more of
the same solution was also placed in the light beam behind the first cell.
Calculate the intensity of radiation emerging from the second cell.

The transmittance of a solution 1.00 cm thick of unknown concentration is
0.700. The transmittance of a standard solution of the same material is also
0.700. The concentration of the standard solution is 100.0 ppm; the cell
length of the standard is 4.00 cm. What is the concentration of the unknown
solution?

A solution contains 1.0 mg of KMnO,/L. When measured in a 1.00 cm cell at
525 nm, the transmittance was 0.300. When measured under similar con-
ditions at 500 nm, the transmittance was 0.350. (a) Calculate the absorbance
A at each wavelength. (b) Calculate the molar absorptivity at each wavelength.
(c) What would T be if the cell length were in each case 2.00 cm? (d) Calculate
the absorptivity (if concentration is in mg/L) for the solution at each wave-
length.

A series of standard ammoniacal copper solutions was prepared and the trans-
mittance measured. The following data were obtained:

Cu concentration Transmittance Sample Transmittance
0.20 0.900 1 0.840
0.40 0.825 2 0.470
0.60 0.760 3 0.710
0.80 0.695 4 0.130
1.00 0.635

2.00 0.410

3.00 0.263

4.00 0.170

5.00 0.109

6.00 0.070

Plot the concentration against absorbance (use your spreadsheet program).
The transmittance of solutions of copper of unknown concentrations was
also measured in the same way and the sample data in the above table were
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obtained. Calculate the concentration of each solution. What is missing from
this experiment? List two things a good analytical chemist should have done
to be certain that the results are accurate and precise.

List the components of a single-beam optical system for absorption spec-
troscopy. List the components of single-beam optical system for emission
spectroscopy.

Describe the components in a grating monochromator. Briefly discuss the role
of each component.

State the equation for the resolution of a grating.

(a) Define mechanical slit width.

(b) Define spectral bandpass or bandwidth.

What is the effect of mechanical slit width on resolution?

Write the expression for resolution of a grating ruled to be most efficient in
second order. To resolve a given pair of wavelengths, will you need more
or fewer lines if the grating were ruled in first order?

What resolution is required to separate two lines A; and A,?

What resolution is required to resolve the Na D lines at 589.0 and 589.5 nm in
first order?

How many lines must be illuminated on a grating to separate the Na D lines in
second order?

A grating contains 1000 lines. Will it resolve two lines of A 500.0 and
499.8 nm 1in first order if all 1000 lines are illuminated?

What are the components of a double-beam system? Describe two types of
beam splitters.

How does a double-beam system correct for drift? Draw the alternating signal
output from a double-beam system for a sample that absorbs 25% of the inci-
dent light.

Give an example of an absorption filter. Over what wavelength range do
absorption filters function as wavelength selectors?

What are the advantages of absorption filters as wavelength selectors com-
pared with gratings? What are the disadvantages?

Light of 300.0 nm is diffracted from a grating in first order at an angle of inci-
dence normal to the grating (i.e., i = 0°). The grating contains 1180 grooves/
mm. Calculate the angle of diffraction, 6, for this wavelength.

If an emission line for magnesium appears at 285.2 nm in first order, where
will it appear in second order? Where will it appear in third order? If you
needed to measure a first order iron emission line at 570 nm, will the presence
of magnesium in the sample cause a problem? What can you do to solve the
problem if one exists?

What are the major differences between an FT system and a dispersive system
for spectroscopy?

Define the throughput advantage. How does it arise?

Define the multiplex advantage. How does it arise?

Draw two cosine waves of the same amplitude in phase. Draw the resulting
wave if the two waves are combined. Draw two cosine waves 180° out of
phase. Draw the resulting wave if these two waves are combined.

What is the difference between a spectrometer and a photometer? What is the
difference between a spectrometer and a spectrograph?
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Nuclear Magnetic Resonance Spectroscopy

3.1. INTRODUCTION

NMR spectroscopy is one of the most powerful techniques available for studying the
structure of molecules. The NMR technique has developed very rapidly since the first com-
mercial instrument, a Varian HR-30, was installed in 1952 at the Humble Oil Company in
Baytown, Texas. These early instruments with small magnets were useful for studying
protons (*H) in organic compounds, but only in solution with high concentration of
analyte or as neat liquids. That has now changed—much more powerful magnets are avail-
able. NMR instruments and experimental methods are now available that permit the deter-
mination of the 3D structure of proteins as large as 900,000 Da. “Magic angle” NMR
instruments are commercially available for studying solids such as polymers, and '°C,
9, 3'P, 2°Si, and other nuclei are measured routinely. NMR imaging techniques under
the name magnetic resonance imaging (MRI) are in widespread use in noninvasive diag-
nosis of cancer and other medical problems. NMR instruments coupled to liquid chro-
matographs and mass spectrometers for separation and characterization of unknowns are
commercially available. Resolution and sensitivity have both increased; detection and
identification of ppm concentrations of substances with NMR is easily achieved in
modern instruments and detection limits are approaching nanogram levels. NMR detection
is being coupled with liquid chromatographic separation in HPLC-NMR instruments for
identification of components of complex mixtures in the flowing eluant from the chromato-
graph, and NMR is now used as a nondestructive detector combined with mass spec-
trometry and chromatography in HPLC-NMR-MS instruments, an extremely powerful
tool for organic compound separation and identification. In short, the field has broadened
greatly in scope, especially since the 1970s, and gives every indication of continuing to
advance for many years to come.

NMR involves the absorption of radiowaves by the nuclei of some combined atoms in a
molecule that is located in a magnetic field. NMR can be considered a type of absorption
spectroscopy, not unlike UV /VIS absorption spectroscopy. Radiowaves are low energy elec-
tromagnetic radiation. Their frequency is on the order of 10’ Hz. The SI unit of frequency,
1 Hz, is equal to the older frequency unit, 1 cycle per second (cps) and has the dimension
of s~ !. The energy of radiofrequency (RF) radiation can therefore be calculated from:

E=hv

where Planck’s constant h is 6.626 x 107**Js and v (the frequency) is between 4 and
1000 MHz (1 MHz = 10° Hz).

117
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The quantity of energy involved in RF radiation is very small. It is too small to
vibrate, rotate, or electronically excite an atom or molecule. It is great enough to affect
the nuclear spin of atoms in a molecule. As a result, spinning nuclei of some atoms in a
molecule in a magnetic field can absorb RF radiation and change the direction of the spin-
ning axis. In principle, each chemically distinct atom in a molecule will have a different
absorption frequency (or resonance) if its nucleus possesses a magnetic moment. The
analytical field that uses absorption of RF radiation by such nuclei in a magnetic field
to provide information about a sample is NMR spectroscopy.

In analytical chemistry, NMR is a technique that enables us to study the shape and
structure of molecules. In particular, it reveals the different chemical environments of the
NMR-active nuclei present in a molecule, from which we can ascertain the structure of the mol-
ecule. NMR provides information on the spatial orientation of atoms in a molecule. If we
already know what types of compounds are present, NMR can provide a means of determining
how much of each is in the mixture. It is thus a method for both qualitative and quantitative
analyses, particularly of organic compounds. In addition, NMR is used to study chemical equi-
libria, reaction kinetics, the motion of molecules, and intermolecular interactions.

Three Nobel Prizes have been awarded in the field of NMR. The first was in 1952 to
the two physicists, E. Purcell and F. Bloch, who demonstrated the NMR effect in 1946. In
1991, R. Ernst and W. Anderson were awarded the Nobel Prize for developing pulsed
FTNMR and 2D NMR methods between 1960 and 1980. FTNMR and 2D experiments
form the basis of most NMR experiments run today, even in undergraduate instrumental
analysis laboratories. We will use the acronym NMR to mean FTNMR, since there are no
other types of NMR instruments currently produced. The 2002 Nobel Prize in Chemistry
was shared by three scientists for developing methods to use NMR and MS (MS is dis-
cussed in Chapters 9 and 10) in the analysis of large biologically important molecules
such as proteins. K. Wiithrich, a Swiss professor of molecular biophysics, received the
prize for his work in determining the 3D structure of proteins using NMR.

Since the 1970s, the technology associated with NMR has advanced dramatically.
The theory, instrument design, and mathematics that make NMR so powerful are
complex; a good understanding of quantum mechanics, physics, and electrical engineering
is needed to understand modern NMR experiments. Fortunately, we do not need to com-
pletely understand the theory in order to make use of the technique. This chapter will
address NMR in a simplified approach using a minimum of mathematics.

3.1.1. Properties of Nuclei

To understand the properties of certain nuclei in an NMR experiment, we must assume that
nuclei rotate about an axis and therefore have a nuclear spin, represented as I, the spin
quantum number. In addition, nuclei are charged. The spinning of a charged body pro-
duces a magnetic moment along the axis of rotation. For a nucleus to give a signal in
an NMR experiment, it must have a nonzero spin quantum number and must have a mag-
netic dipole moment.

As anucleus such as 'H spins about its axis, it displays two forms of energy. Because
the nucleus has a mass and because that mass is in motion (it is spinning), the nucleus has
spin angular momentum and therefore mechanical energy. So the first form of energy is
mechanical energy. The formula for the mechanical energy of the hydrogen nucleus is:

h
spin angular momentum = 2—\/1(1 +1) 3.1

w

where I is the spin quantum number. For example, I = 1/2 for the proton 'H.
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The spin quantum number / is a physical property of the nucleus, which is made up
of protons and neutrons. From observations of the nuclear spins of known nuclei, some
empirical rules for predicting the spin quantum numbers can be tabulated. These rules are
summarized in Table 3.1. For example, 'C has atomic weight 12 and atomic number 6.
Hence it has 6 protons (atomic number = 6) and 6 neutrons (atomic weight — atomic
number = No. of neutrons, so 12 — 6 = 6 neutrons). Since the mass and the number of
protons are both even numbers, Table 3.1 predicts that the net spin quantum number of '*C
is zero, denoting no spin. Therefore the spin angular momentum [Eq. (3.1)] is zero and
12C does not possess a magnetic moment. Nuclei with 7= 0 do not absorb RF radiation
when placed in a magnetic field and therefore do not give an NMR signal. NMR cannot
measure 12C, 16O, or any other nucleus with both an even atomic mass and an even atomic
number.

For '3C, on the other hand, the atomic weight is 13 (i.e., P+ N = 13), an odd
number and the atomic number is 6, an even number. From Table 3.1, we predict that /
for '3C is therefore a half integer; like 'H, BChas I = 1/2. So NMR can detect 13C,
and although ">C represents only 1.1% of the total C present in an organic molecule,
3C NMR spectra are very valuable in elucidating the structure of organic molecules.

The physical properties predict whether the spin number is equal to zero, a half integer,
or a whole integer, but the actual spin number—for example, 1/2 or 3/2 or 1 or 2—must be
determined experimentally. All elements in the first six rows of the periodic table have at least
one stable isotope with a nonzero spin quantum number, except Ar, Tc, Ce, Pm, Bi, and Po. It
can be seen from Table 3.1 and Appendix 10.1 that many of the most abundant isotopes of
common elements in the periodic table cannot be measured by NMR, notably those of C,
O, Si, and S, which are very important components of many organic molecules of interest
in biology, the pharmaceutical industry, the polymer industry, and the chemical manufacturing
industry. Some of the more important elements that can be determined by NMR and their spin
quantum numbers are shown in Table 3.2. The two nuclei of most importance to organic
chemists and biochemists, 13C and IH, both have a spin quantum number = 1/2.

The second form of nuclear energy is magnetic. It is attributable to the electrical charge
of the nucleus. Any electrical charge in motion sets up a magnetic field. The nuclear magnetic
moment p expresses the magnitude of the magnetic dipole. The ratio of the nuclear magnetic
moment to the spin quantum number is called the magnetogyric (or gyromagnetic) ratio and
is given the symbol y. Therefore y = w/I. This ratio has a different value for each type of
nucleus. The magnetic field of a nucleus that possesses a nuclear magnetic moment can
and does interact with other local magnetic fields. The basis of NMR is the study of the
response of such magnetically active nuclei to an external applied magnetic field.

3.1.2. Quantization of 'H Nuclei in a Magnetic Field

When a nucleus is placed in a very strong, uniform external magnetic field By, the nucleus
tends to become lined up in definite directions relative to the direction of the magnetic

Table 3.1 Rules Predicting Spin Numbers of Nuclei

Mass (P + N) Charge (P) Spin quantum
(atomic weight) (atomic number) number (/)
0Odd Odd or even 1/2,3/2,5/2, ...
Even Even 0

Even Odd 1,2,3
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Table 3.2 NMR-Active Nuclei and Their Spin Quantum Numbers

Element isotope 1 Element isotope 1
3¢ 1/2 3cl 3/2
70 5/2 ¥Cl 3/2
'H 1/2 Br 3/2
?H (deuterium) 1 81Br 3/2
3H (tritium) 1/2 1251 5/2
3 1/2 1291 7/2
p 1/2 N 1
2si -1/2 N 1/2
3 3/2 1o 3
s 3/2 ] 3/2

field. Each relative direction of alignment is associated with an energy level. Only certain
well-defined energy levels are permitted; that is, the energy levels are quantized. Hence
the nucleus can become aligned only in well-defined directions relative to the magnetic
field By. (Note: The symbol B is the SI symbol for magnetic field; many texts still use
the symbols H and H, for magnetic field.)

The number of orientations or number of magnetic quantum states is a function of the
physical properties of the nuclei and is numerically equal to 21 + 1:

number of orientations = 27 + 1 (3.2)

In the case of 'H, I = 1/2; hence the number of orientations is 2 x (1/2)+ 1 = 2. The
permitted values for the magnetic quantum states, symbolized by the magnetic quantum
number, m, are I, [ — 1, 1 — 2, ..., —1. Consequently, for g only two energy levels are
permitted, one with m = 1/2 and the other with m = —1/2. The splitting of these energy
levels in a magnetic field is called nuclear Zeeman splitting. (This is analogous to the elec-
tronic Zeeman effect, the splitting of electronic energy levels in a magnetic field. The
electronic Zeeman effect is discussed in Chapter 6.)

When a nucleus with 7 = 1/2, such as 4, is placed in an external magnetic field, its
magnetic moment lines up in one of two directions, with the applied field or against the
applied field. This results in two discrete energy levels, one of higher energy than the
other, as shown in Fig. 3.1. The lower energy level is that where the magnetic moment
is aligned with the field. The lower energy state is energetically more favored than the
higher energy state, so the population of the nuclei in the lower energy state will be
higher than the population of the higher energy state. The difference in energy between
levels is proportional to the strength of the external magnetic field. The axis of rotation
also rotates in a circular manner about the external magnetic field axis, like a spinning
top, as shown in Fig. 3.2. This rotation is called precession. The direction of precession
is either with the applied field B or against the applied field.

So we have nuclei, in this case, protons, with two discrete energy levels. In a large
sample of nuclei, more of the protons will be in the lower energy state. The basis of the
NMR experiment is to cause a transition between these two states by absorption of radi-
ation. It can be seen from Fig. 3.1 that a transition between these two energy states can be
brought about by absorption of radiation with a frequency that is equal to AE according to
the relationship AE = hv.

The difference in energy between the two quantum levels of a nucleus with I = 1/2
depends on the applied magnetic field B, and the magnetic moment w of the nucleus. The
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m=-1/2

No Field (By=0) A

m=1/2

Energy of Applied Field, B,

Figure 3.1 In the presence of an applied magnetic field, a nucleus with / = 1/2 can exist in one of
two discrete energy levels. The levels are separated by AE. The lower energy level (m = 1/2) has the
nuclear magnetic moment aligned with the field; in the higher energy state (m = —1/2), the nuclear
magnetic moment is aligned against the field.

relationship between these energy levels and the frequency v of absorbed radiation is
calculated as follows. E is the expression for a given nuclear energy level in a magnetic field:

— (P By = (4
E = m([ZqT)BO_ m(yzw)Bo 3.3)

where m is the magnetic quantum number; u, the nuclear magnetic spin; By, the applied
magnetic field; 7, the spin angular momentum; <y, the magnetogyric ratio; and &, Planck’s
constant.

Equation (3.3) is the general equation for a given energy level for all nuclei
that respond in NMR. However, if we confine our discussion to the 'H nucleus, then
I = 1/2. Therefore, there are only two levels.

For two energy levels with m = +1/2 and —1/2, respectively,

= (L (E N\ ) (L (I
s (EL)m) - (- (EL)m) "

X

Figure 3.2 In the presence of an applied magnetic field, By, shown parallel to the +z-axis, a
spinning nucleus precesses about the magnetic field axis in a circular manner. The nucleus is
shown spinning counterclockwise (arrow with white head). The bold arrow with the black head
represents the axis of rotation, which traces the circular path shown.
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and

h

uh
AE=m =Y 2
VET 2

— By = B 3.5
SaBo=" 0 (3.5

Therefore, the absorption frequency that can result in a transition of AF is:

B
V= yﬁ (3.6)

Equation (3.6) can be written as
w = vyBy (3.7)

where o is the frequency in units of rad/s.

Equation (3.7) is the Larmor equation, which is fundamental to NMR. It indicates
that for a given nucleus there is a direct relationship between the frequency w of RF radi-
ation absorbed by that nucleus and the applied magnetic field By. This relationship is the
basis of NMR.

The absorption process can be understood in terms of a classical approach to the
behavior of a charged particle in a magnetic field. The spinning of the charged nucleus
(Fig. 3.2) produces an angular acceleration, causing the axis of rotation to move in a cir-
cular path with respect to the applied field. As already noted, this motion is called preces-
sion. The frequency of precession can be calculated from classical mechanics to be
o = vyBy, the Larmor frequency. Both quantum mechanics and classical mechanics
predict that the frequency of radiation that can be absorbed by a spinning charged
nucleus in a magnetic field is the Larmor frequency.

As shown in Fig. 3.2, the axis of rotation of the precessing hydrogen nucleus is at an
angle 6 to the applied magnetic field. The energy of the precessing nucleus is equal to
E = uBgcos 6. When energy in the form of RF radiation is absorbed by the nucleus, the
angle 6 must change. For a proton, absorption involves “flipping” the magnetic moment
from being aligned with the field to being aligned against the applied field (Fig. 3.3).
When the rate of precession equals the frequency of the RF radiation applied, absorption
of RF radiation takes place and the nucleus becomes aligned opposed to the magnetic field
and is in an excited state. To measure organic compounds containing protons by NMR, the
sample is first put into a magnetic field and then irradiated with RF radiation. When the
frequency of the radiation satisfies Eq. (3.7), the magnetic component of the radiant
energy becomes absorbed. If the magnetic field By is kept constant, we may plot the

100

Absorption

0

v

Figure 3.3 Absorption vs. the frequency of RF radiation.
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absorption against the frequency v of the RF radiation. The resulting absorption curve
should be similar to that shown in Fig. 3.3. The same experiment could be done by
holding the RF frequency constant and varying By. Two actual NMR spectra of the
compound toluene are shown in Fig. 3.4(a), the 300 MHz proton NMR spectrum at
the bottom and the '>*C NMR spectrum at the top. Figure 3.4(b) is also the proton NMR
spectrum of toluene, obtained at 60 MHz.

When a nucleus absorbs energy, it becomes excited and reaches an excited state. It
then loses energy and returns to the unexcited state. Then it reabsorbs radiant energy and
again enters an excited state. The nucleus alternately becomes excited and unexcited and is
said to be in a state of resonance. This is where the term resonance comes from in nuclear
magnetic resonance spectroscopy.

Magnetic field strengths are given in units of tesla (T) or gauss (G). The relationship
between the two units is 1 T = 10* G. If the applied magnetic field is 14,092 G (or 1.41 T),
the frequency of radiation (RF) absorbed by a proton is 60 MHz. The nomenclature
60 MHz NMR indicates the RF frequency for proton resonance and also defines the
strength of the applied magnetic field if the nucleus being measured is specified. For
example, the 13C nucleus will also absorb 60 MHz RF radiation, but the magnetic field
strength would need to be 56,000 G. Similarly, a 100 MHz proton NMR uses 100 MHz
RF and a magnetic field of 14,092 x 100/60 = 23,486 G (2.35 T) for "H measurements.
At that field strength, a '>C nucleus would absorb at 25.1 MHz due to its very different
magnetogyric ratio. If a frequency is specified for an NMR instrument without specifying
the nucleus, the proton is assumed (e.g., a 500 MHz NMR would be assumed to refer to a
proton absorbing at 500 MHz in order to calculate the magnetic field strength).

3.1.2.1.  Saturation and Magnetic Field Strength

The energy difference AE between ground state and excited state nuclei is very small. The
number of nuclei in the ground state is the number lined up with the magnetic field B,
The ratio of excited nuclei to unexcited nuclei is defined by the Boltzmann distribution:

N*
A efAE/kT — 677}130/27TkT (38)

No
where, N* is the number of excited nuclei and N, the number of unexcited (ground state)
nuclei. For a sample at 293 K in a 4.69 T magnetic field, the ratio N* /Ny = 0.99997. There
are almost as many nuclei in the excited state as in the ground state because the difference
between the two energy levels is very small. Typically, for every 100,000 nuclei in the
excited state, there may be 100,003 in the ground state, as in this case. This is always
the case in NMR; the Boltzmann ratio is always very close to 1.00. For this reason,
NMR is inherently a low sensitivity technique.

A system of molecules in the ground state may absorb energy and enter an
excited state. A system of molecules in an excited state may emit energy and return to
the ground state. If the number of molecules in the ground state is equal to the number
in the excited state, the net signal observed is zero and no absorption is noted. Conse-
quently, a signal can be seen only if there is an excess of molecules in the ground state.

The excess of unexcited nuclei over excited nuclei is called the Boltzmann excess.
When no radiation falls on the sample, the Boltzmann excess is maximum, N, . However,
when radiation falls on the sample, an increased number of ground-state nuclei become
excited and a reduced number remain in the ground state. If the RF field is kept constant,
a new equilibrium is reached and the Boltzmann excess decreases to Ns. When Ny = Ny,
absorption is maximum. When N, = 0, absorption is zero. The ratio Ny/N; is called Z,
the saturation factor.
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Figure 3.4 (a) The 300 MHz proton NMR spectrum of toluene (bottom) and the '*C NMR spec-
trum of toluene (top). Reprinted with permission of Aldrich Chemical Company, Inc. (b) The
60 MHz proton NMR spectrum of toluene. The structure of toluene is shown, with Me indicating
a methyl group, —CHj. Two absorption peaks are seen, one due to the protons of the methyl
group, and the other to the aromatic ring protons. The spectrum is discussed in Section 3.4.
(From Bhacca et al., courtesy of Varian Associates, Palo Alto, CA, www.varianinc.com.)
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If the applied RF field is too intense, all the excess nuclei will be excited, Ny — 0,
and absorption — 0. The sample is said to be saturated. The saturation factor Zj is:

Zy=(1+ ¥BT\Ty)" (3.9)

where vy is the magnetogyric ratio, B is the intensity of RF field, and T, T5 are, respect-
ively, the longitudinal and transverse relaxation times (discussed in Section 3.1.3.2).

As a consequence of this relationship, the RF field must not be very strong so as to
avoid saturation. However, under certain experimental conditions, saturation of a particu-
lar nucleus can provide important structural information (Section 3.3).

From Eq. (3.8), we can derive the expression:

N* -1 VhBo
Ny 27kT

(3.10)

which shows that the relative number of excess nuclei in the ground state is related to B.
As the field strength increases, the NMR signal intensity increases. This is the driving
force behind the development of high field strength magnets for NMR.

3.1.3. Width of Absorption Lines

The resolution or separation of two absorption lines depends on how close they are to each
other and on the absorption linewidth. The width of the absorption line (i.e., the frequency
range over which absorption takes place) is affected by a number of factors, only some of
which we can control. These factors are discussed below.

3.1.3.1. The Homogeneous Field

An important factor controlling the absorption linewidth is the applied magnetic field
By. It is very important that this field be constant over all parts of the sample, which
may be 1-2 in. long. If the field is not homogeneous, By is different for different
parts of the sample and therefore the frequency of the absorbed radiation will vary in
different parts of the sample, as described by Eq. (3.7). This variation results in a
wide absorption line. For qualitative analysis (i.e., structure determination), wide absorp-
tion lines are very undesirable, since we may get overlap between neighboring peaks and
loss of structural information. The magnetic field must be constant within a few ppb over
the entire sample and must be stable over the time required to collect the data. This time
period is short for routine '"H and *C measurements, on the order of 5—30 min, but may
be hours or days for complex analyses. Most magnets used in NMR instruments do
not possess this degree of stability. Several different experimental techniques are used
to compensate for field inhomogeneity, such as spinning the sample holder in the
magnetic field.

3.1.3.2. Relaxation Time

Another important feature that influences the absorption linewidth is the length of time
that an excited nucleus stays in the excited state. The Heisenberg uncertainty principle
tells us that:

AEAt = constant (3.11)
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where AE is the uncertainty in the value of E and At is the length of time a nucleus spends
in the excited state. Since AEAt is a constant, when At is small, AE is large. But we know
that AE = hv and that / is a constant. Therefore any variation in E will result in a variation
in v. If E is not an exact number but varies over the range E + AE, then v will not be exact
but will vary over the corresponding range v + Av. This can be restated as:

E + AE = h(v + Av) (3.12)

We can summarize this relationship by saying that when A¢ is small, AFE is large and
therefore Av is large. If Av is large, then the frequency range over which absorption
takes place is wide and a wide absorption line results.

The length of time the nucleus spends in the excited state is At. This lifetime is con-
trolled by the rate at which the excited nucleus loses its energy of excitation and returns to
the unexcited state. The process of losing energy is called relaxation, and the time spent in
the excited state is the relaxation time. There are two principal modes of relaxation:
longitudinal and transverse. Longitudinal relaxation is also called spin—Ilattice relax-
ation; transverse relaxation is called spin—spin relaxation.

Longitudinal relaxation 7;. The entire sample in an NMR experiment, both
absorbing and nonabsorbing nuclei, is called the lattice. An excited state nucleus (said
to be in a high spin state) can lose energy to the lattice. When the nucleus drops to a
lower energy (low spin) state, its energy is absorbed by the lattice in the form of increased
vibrational and rotational motion. A very small increase in sample temperature results on
spin—lattice (longitudinal) relaxation. This process is quite fast when the lattice molecules
are able to move quickly. This is the state of affairs in most liquid samples. The excitation
energy becomes dispersed throughout the whole system of molecules in which the sample
finds itself. No radiant energy appears; no other nuclei become excited. Instead, as numer-
ous nuclei lose their energy in this fashion, the temperature of the sample goes up very
slightly. Longitudinal relaxation has a relaxation time, 7', which depends on the magne-
togyric ratio and the lattice mobility. In crystalline solids or viscous liquids 7 is large
because the lattice mobility is low.

Transverse relaxation 7,. An excited nucleus may transfer its energy to an
unexcited nucleus nearby. In the process, a proton in the nearby unexcited molecule
becomes excited and the previously excited proton becomes unexcited, for example.
There is no net change in energy of the system, but the length of time that one nucleus
stays excited is shortened because of the interaction. The average excited state lifetime
decreases and line broadening results. This type of relaxation is called transverse relax-
ation or spin—spin relaxation, with a lifetime 75.

It is found in practice that in liquid samples the net relaxation time is comparatively
long and narrow absorption lines are observed. In solid samples, however, the transverse
relaxation time T, is very short. Consequently AE and therefore Av are large. For this
reason solid samples generally give wide absorption lines. As we will see, solid samples
require a different set of experimental conditions than liquids to give useful analytical
information from their NMR spectra. One approach is to make the solid behave more like
a liquid. For example, solid polymer samples normally give broad NMR spectra. But if
they are “solvated”, narrower lines are obtained and the spectra are more easily
interpreted. A sample is “solvated” by dissolving a small amount of solvent into the
polymer. The polymer swells and becomes jelly-like but does not lose its chemical structure.
The solvating process greatly slows down transverse relaxation and the net relaxation time
is increased. The linewidth is decreased and resolution of the spectrum for structural infor-
mation is better.
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3.1.3.3. Magic Angle Spinning

A problem with the examination of solids is that the nuclei can be considered to be frozen in
space and cannot freely line up in the magnetic field. The NMR signals generated are depen-
dent, among other things, on the orientation of the nuclei to the magnetic field. Since the
orientation of nuclei in solids is fixed, each nucleus (even chemically identical nuclei)
“sees” a different applied magnetic field, resulting in broad NMR spectra. The effective mag-
netic field seen by a nucleus depends on the chemical environment in which the nucleus finds
itself; the position at which a given nucleus resonates is called its chemical shift. As we will
see subsequently, chemical shift due to different environments in a molecule is the key to
structure determination by NMR. The phenomenon in solids of nuclei having different
chemical shifts as a result of orientation in space is called chemical shift anisotropy.

The chemical shift due to magnetic anisotropy is directly related to the angle
between the sample and the applied magnetic field. It has been shown theoretically and
experimentally that by spinning the sample at an angle of 54.76°, the magic angle, to
the magnetic field rather than the usual 90° for liquid sample analysis, the chemical
shift anisotropy is eliminated and narrow line spectra are obtained. Figure 3.5 demon-
strates the difference in '*C NMR spectra of a solid with and without magic angle
spinning. The spectrum in Fig. 3.5(a) was taken without spinning (i.e., static), on a crystal-
line powder sample of 1-Dopa. The spectrum has broad, unresolved lines and does not
provide much useful information. The same sample is then spun at 9.6 kHz at the
magic angle, 54.76°. The spectrum obtained is shown in Fig. 3.5(b). The linewidths are
dramatically decreased and seven carbon nuclei are resolved, providing significant struc-
tural information about the compound. The spinning is carried out at very high frequencies
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Figure 3.5 (a) The ">C NMR spectrum of solid powdered I-Dopa obtained without spinning the
sample. (b) The "*C spectrum of the same sample obtained with MAS at a frequency of 9.6 kHz.
Note the dramatic decrease in linewidth and increase in resolution when using MAS to obtain the
NMR spectrum of a solid sample. (Spectra provided courtesy of Dr. James Roberts, Department
of Chemistry, Lehigh University, PA, and used with his permission.)
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(5—15 kHz) for optimum performance. This spinning gives better resolution and improved
measurement of chemical shift and spin—spin splitting. The functional groups and their
positions relative to each other in the solid sample molecule can be determined, as will
be discussed.

Special probes have been developed for solid-state NMR that automatically position
the sample at the magic angle. Modern instruments with magic angle spinning (MAS)
make the analysis of solid samples by NMR a routine analytical procedure. MAS, com-
bined with two RF pulse techniques called cross-polarization and dipolar decoupling
(discussed in Section 3.6.3), permits the use of the low abundance nuclei 13C and ?°Si to
analyze insoluble materials by NMR, including highly cross-linked polymers, glasses,
ceramics, and minerals.

3.1.3.4. Other Sources of Line Broadening

Any process of deactivating, or relaxing, an excited molecule results in a decrease in the
lifetime of the excited state. This in turn causes line broadening. Other causes of deactiva-
tion include: (1) the presence of ions—the large local charge deactivates the nucleus;
(2) paramagnetic molecules such as dissolved O,—the magnetic moment of electrons
is about 10°x as great as nuclear magnetic moments and this high local field causes
line broadening; and (3) nuclei with quadrupole moments. Nuclei in which 7> 1/2
have quadrupole moments, which cause electronic interactions and line broadening; one
important nucleus with a quadrupole field is '*N, present in many organic compounds
such as amines, amides, amino acids, and proteins.

3.2. THE FTNMR EXPERIMENT

The time required to record an NMR spectrum by scanning either frequency or magnetic field
is A/R, where A is the spectral range scanned and R the resolution required. For '"H NMR the
time required is only a few minutes because the spectral range is small, but for '>C NMR the
chemical shifts are much greater; consequently the spectral range scanned is much greater
and the time necessary to scan is very long. For example, if the range is 5 kHz and a resol-
ution of 1 Hz is required, the time necessary would be (5000 s)/1 or 83 min, an unaccept-
ably long time for routine analysis, and an impossible situation if rapid screening of
thousands of compounds is needed, as it is in the development of pharmaceuticals.

This problem, and quite a few other problems with the NMR experiment were
overcome with the development of FTNMR. The fundamentals of FT spectroscopy and
the advantages gained through the use of FT spectroscopy were discussed in Chapter 2
for optical spectroscopy. In FTNMR, the RF frequency is applied to the sample as a
short, strong “pulse” of radiation. The experiment is shown schematically in Fig. 3.6.
Because there are slightly more nuclei lined up with the field, the excess nuclei in the
ground state can be thought of as having a single magnetic moment lined up with the exter-
nal field, By. This net magnetization is shown in Fig. 3.6(d) as M,. The net magnetization
behaves as a magnet. An electric current applied to a coil of wire surrounding a magnet
will cause the magnet to rotate. An RF pulse through a coil of wire around the sample
is used to generate a second magnetic field, By, at right angles to By; this provides the exci-
tation step in the NMR experiment. In a modern NMR instrument, the field B, is applied as
a pulse for a very short time, on the order of 10 ws, with a few seconds between pulses.
The net magnetic moment of the sample nuclei is shifted out of alignment with B, by
the pulse [Fig. 3.6(e)]. Most often, a 90° pulse is used; the net magnetization vector
is shifted 90° (from the z-axis to the y-axis). Such a 90° change gives the largest signal
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Figure 3.6 The pulsed NMR experiment. (a) NMR active nuclei have magnetic dipole moments.
(b) In the presence of an external static field, By, the dipoles precess about the field axis, each with an
average component either parallel or antiparallel to the field. (c) In this case there are two spin popu-
lations precessing in opposite directions represented by the two cones. At equilibrium, the top cone
(the dipoles with components parallel to the field) has a slightly greater population. (d) The differ-
ence between the two populations is represented by the net magnetization, M,. The NMR signal
derives from M., which can be observed by rotating it into the plane of an RF coil using a resonant
RF field, B;. (e) B, is usually gated on just long enough to rotate M, into the x—y plane. After B is
gated off, the net magnetization M,, begins to rotate about the z-axis at a frequency equal to the
difference in precession frequencies for the two populations. (f) This rotating M,, induces an emf
in the RF coil along the x-axis. The signal appears as a cosine wave decaying in time following
the pulse, and is referred to as FID. (From Petersheim, used with permission.) (g) Free induction
decay and resulting '*C frequency spectrum after Fourier transformation for an organic compound
containing multiple absorption frequencies due to chemically different carbon nuclei. (From
Williams, used with permission.)
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possible. The pulse is discontinued and the excited nuclei precess around the applied
magnetic field at an angle to By. This “rotating magnet” induces a current in the wire
coil. This induced current is the NMR signal and is picked up by the coil very quickly
after the B; pulse ends. The signal undergoes free induction decay (FID); the current
decreases with time as the freely precessing nuclei relax back to the ground state, as
shown in Fig. 3.6(f). This FID signal is a time-domain signal and must be processed
using the FT (or other mathematical transform) to produce the usual frequency-domain
spectrum. Because all frequencies are excited simultaneously, the FID signal consists of
one exponentially decaying sine wave for each frequency component in the spectrum.
This type of pattern for a '>C experiment is shown in Fig. 3.6(g), along with the
Fourier transformation of the FID, resulting in the frequency-domain '*C spectrum.

One advantage of the FTNMR experiment is that the entire spectrum is taken in a
single pulse. This occurs because pulsing the RF field broadens the frequency distribution
of the RF source. All resonances within several kHz of the source frequency are excited
simultaneously. While the intensity of the FID signal is very low, the process may be
repeated many times very rapidly, for example, 8192 times in 0.8 s. The signal increases
linearly, but the noise increases only as the square root of the number of readings. The net
effect is a significant improvement in the signal-to-noise ratio. This directly improves the
sensitivity of the method. Signals can be obtained that are orders of magnitude
more sensitive than those obtained with old “continuous wave” NMR. FTNMR is now
the dominant form of NMR instrumentation; it is critical to obtaining '*C NMR spectra
and in performing 2D NMR experiments, both discussed later in the chapter.

3.3. CHEMICAL SHIFTS

From the Larmor equation it would seem that all protons in a sample in a given applied
magnetic field would absorb at exactly the same frequency. NMR would therefore tell
us only that protons were present in a sample. The same would be true for >C; NMR
would tell us only that carbon was present. If NMR were suitable only for detecting
and measuring the presence of hydrogen or carbon in organic compounds, it would be
a technique with very limited usefulness. There are a number of fast, inexpensive
methods for detecting and measuring hydrogen and carbon in organic compounds.
Fortunately, this is not the case. In the NMR experiment, protons in different chemical
environments within a molecule absorb at slightly different frequencies. This variation
in absorption frequency is caused by a slight difference in the electronic environment of
the proton as a result of different chemical bonds and adjacent atoms. The absorption
frequency for a given proton depends on the chemical structure of the molecule. This
variation in absorption frequency is called the chemical shift. The same type of chemical
shift occurs for carbon in different chemical environments within a molecule. The physical
basis for the chemical shift is as follows.

Suppose that we take a molecule with several different “types” of hydrogen atoms,
such as the molecule ethanol, CH;CH,OH. This molecule has hydrogen atoms in three
different chemical environments: the three hydrogen atoms in the terminal CHjs, the
two hydrogen atoms in the CH, group, and the one in the OH group. Consider the
nuclei of the different types of hydrogen. Each one is surrounded by orbiting electrons,
but the orbitals may vary in shape and the bonds vary in electron density distribution.
This changes the length of time the electrons spend near a given type of hydrogen
nucleus. Let us suppose that we place this molecule in a strong magnetic field By. The
electrons associated with the nuclei will be rotated by the applied magnetic field B.
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This rotation, or drift, generates a small magnetic field oBj, which opposes the much
larger applied magnetic field By. The nuclei are shielded slightly from the applied mag-
netic field by the orbiting electrons. The extent of the shielding depends on the movement
of the electrons caused by the magnetic field (not by the simple orbiting of the electrons).
If the extent of this shielding is 0B, then the nucleus is not exposed to the full field By, but
to an effective magnetic field at the nucleus, Bqg:

Beﬁ = B() - O'Bo (313)

where B is the effective magnetic field at the nucleus; By, the applied field, and; 0B, the
shielding by the drift of local electrons; o is the screening constant or diamagnetic shield-
ing constant.

In the case of ethanol, B, is different for each type of hydrogen; therefore the effec-
tive field B¢ is different for each type of hydrogen. In order to get absorption at frequency
v, we must compensate for this variation by varying By. In other words, resonance of the
hydrogen atoms in different chemical environments takes place at slightly different
applied magnetic fields. Another way of expressing this relationship is that if the applied
field is kept constant, the nuclei in different chemical environments resonate at slightly
different frequencies v. A shielded nucleus resonates or absorbs at a lower frequency
than an unshielded nucleus. This change in frequency of absorption because of shielding
is the chemical shift. Instead of one absorption signal for the protons in ethanol, we would
predict three absorption signals at slightly different frequencies. Figure 3.7 is a low-
resolution proton NMR spectrum of ethanol; indeed three absorption peaks are seen.
Looking at the structure of ethanol, we can also predict what the '*C NMR spectrum
should look like. There are two chemically different C atoms in the molecule, the
methyl carbon and the methylene carbon; two peaks should be seen in the '>*C NMR spec-
trum of ethanol. It is important to note that B.g and the peak separations resulting from the
chemical shift differences are directly proportional to the applied magnetic field strength.
This is another reason for the development of high field strength magnets: better resolution
and more structural information result.

The chemical shifts of nuclei are measured (and defined) relative to a standard
nucleus. A popular standard for proton NMR is tetramethylsilane (TMS), which has the
chemical formula Si(CHj3)4. In this compound all 12 hydrogen nuclei are chemically
equivalent; that is, they are all exposed to the same shielding and give a single absorption
peak. The chemical shift for other hydrogen nuclei is represented as follows:

Chemical shift = -5 "R

(3.14)
VNMR
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Figure 3.7 Low resolution proton NMR absorption spectrum of ethanol, CH;CH,OH.
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where vy is the resonant frequency of a specific nucleus; vg, the resonant frequency of the
reference nucleus; and vywur, the spectrometer frequency.

The chemical shift is the difference in the observed shift between the sample and the
reference divided by the spectrometer frequency. It is a dimensionless number. Typical
values for the frequency difference between a nucleus and the reference are in the Hz
or kHz range; the spectrometer frequency is in the MHz range. In order to make these
numbers easier to handle, they are usually multiplied by 10° and then expressed in
ppm. (This unit should not be confused with the concentration expression ppm used in
trace analyses.) The symbol for the chemical shift is 8. It is expressed as:

Vs

US TR L 10° ppm (3.15)

VNMR

d=

Looking again at Fig. 3.7, the x-axis has units of chemical shift in ppm. The TMS peak, not
shown in this figure, would be a single peak located at 0.0 ppm, by definition. It is a con-
vention that NMR spectra are presented with the magnetic field increasing from left to
right along the x-axis. Diamagnetic shielding therefore also increases from left to right.
A nucleus that absorbs to the right hand side of the spectrum is said to be more shielded
than a nucleus that absorbs to the left side of the spectrum. One reason TMS is used as the
reference peak is that the protons in common organic compounds are generally deshielded
with respect to TMS; the TMS peak appears at the far right of the spectrum. The student
should be able to recognize that this means that & decreases from left to right along the
x-axis (look at the scale in Fig. 3.7). This is not the way one normally plots numbers;
they are usually plotted increasing from left to right. An alternative scale was developed,
where the chemical shift was plotted as 7; 7 is defined as:

7=10.00 — 6 (ppm) (3.16)

This tau scale is no longer used, but can be found in the literature through the 1970s, as can
the now unused terms upfield and downfield to refer to resonance positions. The terminology
that should be used is deshielded (higher 8) or shielded (lower 6). Shielding by the drifting
electrons is modified by other nuclei in their vicinity. These in turn are affected by the chem-
istry, geometry, and electron density of the system. Consequently, some deshielding takes
place; the end result is that chemically identical nuclei are shifted from chemically different
nuclei. Deshielded nuclei would be moved to the left on the NMR plot. As a result, we are
able to distinguish different functional groups in a molecule, even ones that contain the same
atoms; methyl groups are separated from methylene groups, as seen in the ethanol spectrum.
Two examples of how shielding and deshielding occur based on the geometry of the mol-
ecule are shown in Fig. 3.8. Figure 3.8(a) and (b) show the molecule acetylene. When
the long axis of the molecule is aligned with the external magnetic field, the circulation
of the 7 electrons in the triple bond, shown by the partially shaded curved arrow in
Fig. 3.8(a), induces a magnetic field along the molecular axis that opposes the applied
field. The induced magnetic field lines are shown in Fig. 3.8(b). The arrows show the direc-
tion of the induced magnetic field lines at the positions of the hydrogen atoms. Both of the
protons in acetylene are shielded from the applied magnetic field by the induced magnetic
field. The field these protons experience is By — Bjoca, Which is smaller than B,. Therefore
a higher frequency is needed to attain resonance. Figure 3.8(c) and (d) show the molecule
benzene, a planar molecule with one proton on each carbon atom. The protons are located on
the outside of the carbon ring in the plane of the ring. Only two of the six protons attached to
the ring are shown here. The delocalized 7 electrons are depicted as the circle inside the
carbon hexagon. When the benzene ring is perpendicular to the applied magnetic field, the
delocalized electrons circulate as shown by the partially shaded curved arrow in Fig. 3.8(c)
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Figure 3.8 (a) and (b) Circulation of the 7 electrons in the C=C bond in acetylene is shown by
the partially shaded arrow in (a). The direction of the induced magnetic field, By, at the hydrogen
atoms is shown by the arrows in (b). The direction of the applied field, By, is shown. The two protons
are shielded from the applied field by the induced local field. (c) and (d) Circulation of the 7 elec-
trons in the benzene ring, shown by the partially shaded arrow in (c), induces the magnetic field,
Biocal> shown in (d). Arrows show the induced field and the applied magnetic field directions. All
six protons in the plane of the benzene ring are deshielded by the induced local magnetic field.
(Fig. 3.8(b) and (d) are from McClure, used with permission.)

and generate an induced magnetic field as depicted in Fig. 3.8(d). In this case, the induced
magnetic field shown reinforces the applied magnetic field outside the ring; all of the
protons on the benzene ring feel a stronger field than B,. They are deshielded by the
induced field caused by the ring current. The field these protons experience is By + Bjocal
so a lower frequency needs to be applied for resonance to occur. The term anisotropic effect
or chemical shift anisotropy means that different chemical shifts occur in different direc-
tions in a molecule.

It is the chemical shift that allows us to identify which functional groups are present in
a molecule or a mixture. Chemical shift enables us to ascertain what types of hydrogen
nuclei are present in a molecule by measuring the shift involved and comparing it with
known compounds run under the same conditions. For example, it is easy to distinguish
between aromatic and aliphatic hydrogen atoms, alkenes, alkynes, or hydrogen bonded to
oxygen or nitrogen, hydrogen on a carbon adjacent to ketones, esters, etc. Examples of
typical chemical shifts for protons are given in Table 3.3. More extensive tables of chemical
shifts can be found in the references by Silverstein and Webster, Pavia et al. and Lambert
et al. listed in the bibliography.

Figure 3.7 shows the low-resolution spectrum of ethyl alcohol (or ethanol). This absorp-
tion spectrum, which is historically significant as one of the first NMR spectra to be recorded
(Arnold et al., 1951), discloses that there are three types of hydrogen nuclei present in the
ethanol molecule. Because NMR spectra provide valuable information about a molecule’s
structure, they are one of the most powerful tools available for characterizing unknown com-
pounds or compounds for which we know the empirical formula but not the structure.

However, most proton NMR spectra show more peaks than one would predict based
on chemical equivalency. With improved instrumentation resulting in higher resolution,
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Table 3.3 Approximate Chemical Shifts of Protons in Common Organic Compounds

Chemical shift (ppm)

Type of hydrogen a b c d
Tetramethylsilane (TMS) 0
C|H3
CH;—S|i—CH,
CH,
CH;CH,CH,CH; 1.0 1.2
a b
CH,(c) 1.0 1.2 2.0
CH,CH,—C—CH,CH,
a b l b a
CH,
c
CH;CH,Br 1.2 3.43
a b
CH;CH,I 1.8 3.2
a b
CH;CH,OH 1.32 3.7 0.5-4.0
a b ¢
CH,C=0 2.1 11.4
a |
OH b
CH;CH,CH,NH, 0.92 1.5 2.7 1.1
a b ¢ d
CH;CH,CH=CH, 9 2.0 5.8 4.9
a b ¢ d
CH;CH,CH=CHCH,CHj3; 1.0 1.3 54
a b ¢ c b a
CH,CH,CH—CH; 1.0 1.9 4.2 1.5
a b |c d
NO,
CH,C—CH,CH, 2.1 2.5 1.1
al|l b ¢
0
a b c
CH; CH,—C=CH 1.0 2.2 2.4
a b ¢
H(d) 1.0 1.7 2.4 9.7
e
CH,CH,CH.C
a b ¢ \O

(continued)
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Table 3.3 Continued

Functional group
{pertinent H underlined]

| cu, —cnan
| —
) CH,CH, _@
— CH, -
-3

p— CHSCHQR
— CH;CH=CH,
= e-00

CH:,CI'_L‘, -

‘H CH:’(':I'_i ~ CHy
10 9 8 7 6 s 4 3 2 1 0 CH,
ppm
Saturated hydrocarbons

n R-CH=CH;

10 9 8 7 6 5 4 3 2 1 [
pPpm
Aromatic and olefinic hydrocarbons

the absorption spectrum of ethyl alcohol has been found to be more complex than Fig. 3.7
indicates. When examined under high resolution, each peak in the spectrum can be seen to

be composed of several peaks. This fine structure is brought about by spin—spin splitting
or spin-spin coupling.

3.4. SPIN-SPIN COUPLING

As we have already seen, the hydrogen nuclei of an organic molecule are spinning, and the
axis of rotation may be with or against the applied magnetic field. Since the nucleus is

magnetic, it exerts a slight magnetic field, which may be either with or against the
applied magnetic field.
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Suppose that we have a molecule such as the aldehyde shown, butanal, also called
butyraldehyde:

H H
|
CH;—CH,—C—C=0
|
H

The low resolution NMR spectrum for butanal is shown in Fig. 3.9. The protons on a
given carbon atom are chemically equivalent to each other, but each group of protons is
different from the rest. There are four chemically different groups of protons, labeled a—d
in Fig. 3.9. The low resolution spectrum shows four peaks, as expected from the structure.

We will focus on the type ¢ and type d protons first, and ignore the rest of the molecule for
the moment. The type ¢ protons are the two methylene protons adjacent to the aldehyde group;
the type d proton is the single proton on the aldehyde carbon. The type d proton on the aldehyde
group, represented as CHO, may be spinning either with or against the applied magnetic field.
The spinning of the nucleus creates a small magnetic field, either with or against the applied mag-
netic field. This changes the effective field felt by the two protons of the adjacent CH, group. The
CH, protons next to a CHO proton that is spinning with the field absorb at a slightly different
frequency from that of the CH, protons next to a CHO proton spinning against the field. Statisti-
cally, a sample will contain as many protons spinning with the field as against it; so both groups
will be equally represented. The single spinning proton of the CHO group splits the absorption
peak (peak c in Fig. 3.9) for the adjacent protons in the CH, group into two peaks absorbing at
slightly different frequencies but of equal intensity (1:1 peak area ratio). The spin—spin splitting is
shown schematically in Fig. 3.10 (peak c). The two peaks are moved from the original frequency,
one to a slightly higher frequency and one to a slightly lower frequency, but they are sym-
metrically located about the original frequency.

At the same time, the two protons of the CH, group are also spinning, and they affect
the frequency at which the neighboring CHO proton absorbs. In this case, each of the
protons of the CH, group can spin with or against the applied field. Several spin combi-
nations are possible. These combinations may be depicted as in Fig. 3.11, where the
arrows indicate the directions of the magnetic fields created by the spinning nuclei. In a
typical NMR sample many billions of molecules are present, and each spin combination
is represented equally by number. The three combinations (i), (ii), and (iii) in Fig. 3.11
modify the applied field felt by the CHO to three different degrees, and absorptions

H(d) o
/
CH,CH,CH,C
d a b ¢ \O c
b
10 ppm 0

Figure 3.9 Low resolution proton NMR spectrum of 1-butanal, showing four absorption peaks.
The x-axis is chemical shift in ppm; the y-axis is absorption. The four groups of chemically non-
equivalent protons are labeled a—d on the chemical structure. The peak corresponding to each
type of proton is marked with the corresponding letter. Table 3.3 should be consulted to confirm
the approximate chemical shifts for each type of proton.
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10 3

Figure 3.10 A portion of the expected 1-butanal NMR spectrum showing spin—spin coupling
between the aldehyde proton and the adjacent methylene group. The x-axis is chemical shift in
ppm; the y-axis is absorption. Peaks (c) and (d) are shown, with peak (d) split into a triplet by the
adjacent —CH,— group and peak (c) split into a doublet by the aldehyde proton. (The rest of the
molecule is ignored for the moment.)

—>

(——_
—> «—
—> €«
(_
_)
0] (i) (iii)
Figure 3.11 Possible alignments of the magnetic field of pairs of protons: (i) both aligned with the
applied field; B, appears to be increased in magnitude; (ii) one aligned with the field and one against

the field. There are two possible arrangements with equal probability. The net effect is that By is
unchanged; and (iii) both aligned against the field, B, appears to be reduced in magnitude.

occur at three frequencies for the CHO proton. It can be seen that there are two ways in
which the combination of Fig. 3.11(ii) can exist, but only one way for the combination
of Fig. 3.11(i) or (iii). There will therefore be twice as many nuclei with a magnetic
field equal to the combination (ii) as of either (i) or (iii). As a result, the CH, group will
cause the neighboring H of the CHO group to absorb at three slightly different frequencies
with relative intensities in the ratio 1:2:1, as shown schematically in Fig. 3.10 (peak d).

The relative peak intensities in a multiplet can be worked out from the possible com-
binations of spin states, as was done in Fig. 3.11; the result is that the relative peak inten-
sities in multiplets match the coefficients in the binomial expansion. Pascal’s triangle can
be used to rapidly assign peak intensities:
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Figure 3.12 (a) Predicted proton NMR spectrum for butanal, showing spin—spin coupling. (b)
Actual 60 MHz proton NMR spectrum of butanal. Note the peak for TMS and the presence of a
small impurity peak at about 7 ppm; 60 MHz instruments required that chemical shifts greater than
8 ppm be plotted offset from the 0 to 8 ppm baseline; the aldehyde proton shift is plotted at the far
left above the first baseline. (From Bhacca et al., courtesy of Varian Associates, Palo Alto, CA.,
www.varianinc.com.) (c) Actual 90 MHz proton NMR spectrum of 0.04 mL butanal dissolved in
0.5 mL CDCl;. SDBS No. 1925HSP-04-071. (Courtesy of National Institute of Industrial Science
and Technology, Japan, SDBSWeb:http: / /www.aist.go.jp/RIOBD/SDBS. Accessed 12/13/02.)
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and so on. From the triangle relationship, it is seen that a quartet (fourth line from the top
of the triangle) will have a 1:3:3:1 intensity ratio and a sextuplet (sixth line from the top) a
1:5:10:10:5:1 ratio.

The proton NMR spectrum of butanal, CH;CH,CH,CHO, is shown in Fig. 3.12.
Figure 3.12(a) is the predicted first order spectrum of butanal, Fig. 3.12(b) is an actual
60 MHz proton spectrum, and Fig. 3.12(c) is an actual 90 MHz proton spectrum.
Looking at Fig. 3.12(a), the aldehydic proton, peak d, appears as the 1:2:1 triplet just pre-
dicted, but peak c is not the 1:1 doublet predicted from the splitting by the aldehyde proton
alone. We of course ignored for the simple argument above that the CH, group adjacent to
the CHO group is also adjacent to another CH, group on the opposite side.

Spin—spin splitting or coupling is the transmission of spin state information between
nuclei through chemical bonds. Spin—spin splitting is quite strong between protons on
adjacent carbons, but is generally negligible between protons farther removed than this.
It is important to remember that spin—spin splitting by a given nucleus causes a change
in the fine structure of peak for the adjacent protons in the molecule. For example, the
CH, splits the H of the adjacent CHO group, and the H of the CHO group splits the
adjacent CH,, but the CH, does not split itself because that interaction is forbidden
by quantum theory.

The number of peaks in the fine structure is termed the multiplicity of the peak.
In Fig. 3.10, the multiplicity of the aldehyde proton peak is 3 and the multiplicity of the
methylene peak is 2; these are also referred to as a triplet and a doublet, respectively.
The multiplicity of proton peaks due to spin—spin splitting is

2nl + 1 (3.17)

where 7 is the number of equivalent hydrogen atoms on the carbon atoms adjacent to the one
whose proton peak is being examined and / is the spin quantum number. For hydrogen,
I=1/2 and Eq. (3.17) simplifies to n + 1.

If two different adjacent groups cause splitting, the multiplicity is given by
(2nl + 1)(2n'I+ 1), where n and n’ are the numbers of equivalent protons in each group.

Using Eq. (3.17) and the structure of butanal we can work out the splitting patterns
expected. The predicted spectrum is Fig. 3.12(a), which can be compared with the exper-
imentally obtained spectra in Fig. 3.12(b) and (c). We predicted that the aldehyde proton
should be split into a triplet by the adjacent CH, protons; the peak at 9.7 ppm is a triplet.
We predicted that the aldehyde proton would split the adjacent CH, group into a doublet,
but we did not take into account the protons on the other side of this CH, group. There are
two methylene protons (the “b” protons) next to the “c” methylene protons. This is a case
of having two different groups, b and d, adjacent to the “c” protons we are interested in. As
stated earlier, the multiplicity is calculated from (2nl+ 1)(2n'I+ 1), so we have
2+ D) + 1) = 6. The multiplicity of the peak for the “c” protons should be 6. We
predict that peak ¢ will consist of 6 peaks; in Fig. 3.12(b), the peak is found at 2.4 ppm
and looks like a triplet with each triplet peak split into a doublet for a total of 6 peaks.
The methyl protons (the “a” protons located at 1.0 ppm) are split into a triplet by the
adjacent “b” methylene protons. The “b” methylene protons are split by both the
methyl group (3 equivalent protons) and the “c” methylene protons (2 equivalent
protons), so the multiplicity of the “b” proton peak should be (3 + 1)(2+ 1) = 12.
While all 12 lines cannot be distinguished without expanding the scale around the peak
at 1.7 ppm, it is clear, especially from the 90 MHz spectrum shown in Fig. 3.12(c), that
there are more than 9 peaks present.

A few more examples of spin—spin coupling should help you to predict splitting
patterns for simple compounds.
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The structure of 1,1-dichloroethane is:

H
|
Cl—C—CH;
|
Cl

The single proton on the carbon containing the two Cl atoms will be split into (3 + 1)
peaks by the three equivalent protons on the adjacent methyl group. The multiplicity of
this peak is 4 and it is called a quartet. Each peak in the quartet will be separated by
exactly the same frequency; they will be evenly spaced. We will get back to this in a
bit. The relative peak intensities will be 1:3:3:1, which can be worked out as was done
in Fig. 3.11. The peak due to the three methyl protons will be split into (1 + 1) peaks, a
doublet with a multiplicity of 2, by the adjacent single proton. The spacing between the
two peaks in the doublet will be exactly the same as the peak spacing in the quartet and
the ratio of peak intensities in the doublet will be 1:1.

If we replace one of the chlorine atoms with a hydrogen atom to give the compound
chloroethane,

H
|
H—C—CH,
|
Cl

the methyl group will split the peak due to the two protons on the chlorine-containing
carbon into a quartet as in 1,1-dichloroethane, but the methyl group peak will appear as
a triplet, since it is now split by two equivalent protons. We will look at the spectra for
these two compounds in Section 3.6.2 and see if our predictions are correct.

The compound benzene, C¢Hg, has six chemically equivalent protons. We would
predict that a single absorption peak should be seen located at a chemical shift of about
7 ppm (from Table 3.3). The 300 MHz proton spectrum of benzene (Fig. 3.13) confirms
a single peak located at 7.3—7.4 ppm. We cannot tell anything about the number of
protons giving rise to this peak; the relative area is obviously equal to 1 when only one
peak is seen. Looking back at Fig. 3.4(a), the 300 MHz proton spectrum of toluene, the
structure shows a methyl group substituting for one of the hydrogen atoms on a benzene
ring. We should expect a singlet peak for the methyl group, since there are no protons adja-
cent to it. The chemical shift of the peak will be about 2 ppm (from Table 3.3). There is a
singlet in that position in the spectrum. We also see a multiplet at about 7.3 ppm, where we
would expect the aromatic ring protons to absorb. The five ortho, meta, and para protons
on the ring are not chemically equivalent (as are the six protons on a benzene ring) and at
300 MHz we can tell this. In older spectra obtained at lower field strengths, such as the
60 MHz spectrum shown in Fig. 3.4(b), the electronic environments of the ortho, meta,
and para protons are so similar as to cause the peaks to overlap, resulting in a single broad-
ened peak. The overlap of peaks is often a problem in proton NMR, especially for alkanes.
The expected area ratio should be 5/3 and can be checked by the stepped line shown on the
spectrum, as will be explained in Section 3.6.2. The aromatic compound naphthalene and
its proton NMR spectrum are shown in Fig. 3.14(a); there are two types of protons, marked
A and B on the structure. Each A proton is adjacent to a single B proton and vice versa.
The spectrum shows the expected two doublets in the aromatic region of the spectrum. The
relative area ratio of the doublets should be 1/1, since there are equal numbers of A and B
protons. Figure 3.14(b) is also the spectrum of naphthalene, with the relative peak areas
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Figure 3.13 The 300 MHz proton NMR spectrum of benzene, C¢Hg, obtained in deuterated chloro-
form. The '*C spectrum is also shown. (Reprinted with permission of Aldrich Chemical Co., Inc.)

shown by the stepped line. The two steps are equal in height, so there are the same numbers
of A protons as B protons.

The spectra can be predicted for the alkanes butane and isobutane (or 2-methylpropane).
The peaks should appear in the 1—1.5 ppm chemical shift region according to Table 3.3.
Butane, CH;CH,CH,CH3;, has two types of protons as noted in Fig. 3.15(a). Isobutane also
has two types of protons, shown in Fig. 3.15(b). Therefore both spectra should have two
absorption peaks. In butane, the methyl protons should be split by the adjacent methylene
protons into a triplet; the methylene protons would be split by the methyl protons into a
quartet. We would predict that the proton NMR spectrum of butane would look like the
schematic spectrum in Fig. 3.15(a), with the relative peak areas shown. Isobutane
would show a very different splitting pattern. There are nine chemically equivalent
protons (marked “b” on the structure) on the three methyl groups; the peak for these
nine protons will be split into a doublet by the single “a” type proton on the middle
carbon. The peak for the single proton will be split into (9 + 1) = 10 peak multiplet by
the “b” type protons, with the relative peak areas as shown schematically in Fig. 3.15(b).

If we replace one of the methyl groups in isobutane with any other substituent, the
resulting compound will contain an isopropyl group, —CH(CH3)5:
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Figure 3.14 (a) The 400 MHz proton NMR spectrum of naphthalene obtained by dissolving
10.5 mg naphthalene in 0.5 mL deuterated chloroform. SDBS No. 1350HSP-40-209. (Courtesy of
National Institute of Industrial Science and Technology, Japan, SDBSWeb:http: //www.aist.go.jp/
RIOBD/SDBS. Accessed 11/05/02.) (b) The 300 MHz proton spectrum and associated '*C spectrum

of naphthalene. The proton spectrum shows the peak integration. (Reprinted with permission of
Aldrich Chemical Co., Inc.)
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Figure 3.15 (a) The structure and predicted proton NMR spectrum for butane showing relative
peak area and spin—spin coupling. The schematic spectrum is not to scale. (b) The structure and pre-
dicted proton NMR spectrum for isobutane showing relative peak area and spin—spin coupling. The
schematic spectrum is not to scale. The chemical shift of the peaks can be predicted from Table 3.3.

where R represents a substituent. An example is the molecule cumene, which contains a
benzene ring with one of the hydrogen atoms replaced by the isopropyl group. The struc-
ture of cumene and its proton NMR spectrum are presented in Fig. 3.16. The ring protons
appear at about 7 ppm. The isopropyl group shows its very characteristic splitting pattern:
a doublet equivalent to six protons located at about 1 ppm and a septuplet equivalent to one

Assign. shift (ppm)
R 1.240
B 2.876
[od 7.02 to 7.39

11 16 9 8 7 3 5 4 3 2 1 0
ppm

Figure 3.16 The 90 MHz proton NMR spectrum of cumene, showing the characteristic isopropyl
group splitting pattern. SDBS No. 1816HSP-00-081. (Courtesy of National Institute of Industrial Sci-
ence and Technology, Japan, SDBSWeb:http: //www.aist.go.jp/RIOBD/SDBS. Accessed 12/14/02.)

HSP- D0~ 081
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proton. The chemical shift of the septuplet depends on the nature of the R group, but the
isopropyl splitting pattern is an easy one to spot in a spectrum.

If we consider the compound 1,1-dichloroethane again, and replace one of the Cl
atoms with a methyl group, we have 2-chloropropane:

H
|
CH;—C— CH;
|
Cl

This is a compound containing a substituted isopropyl group, like cumene. The
single proton on the carbon atom containing the chlorine will be split into (64 1)
peaks, a septuplet, by the six equivalent methyl protons. The two methyl groups are chemi-
cally equivalent and will absorb at the same frequency, so the single peak for all six
protons will be split into a doublet by the single proton on the central carbon which is adja-
cent to both methyl groups. Figure 3.17 is a 300 MHz spectrum of 2-chloropropane. We
see the characteristic isopropyl splitting pattern in both the cumene and the 2-chloropro-
pane spectra, although the chemical shift position of the septuplet varies with R.

The NMR spectrum of very dry ethanol is presented in Fig. 3.18(a). The CH; protons
are split by the CH, group into (2 4+ 1) = 3 peaks. The CH, is split by the OH proton and
by the CHj; protons, giving (3 + 1)(1 + 1) = 8 peaks. Finally, the OH proton is split into 3
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Figure 3.17 The 300 MHz proton NMR spectrum of 2-chloropropane, showing the characteristic
isopropyl splitting pattern with the 1:6 peak area ratio. Compare the position of the septuplet in this
figure with Fig. 3.16. (Reprinted with permission of Aldrich Chemical Co., Inc.)
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peaks by the adjacent CH, group. Remember that n is the number of equivalent protons
taking part in spin—spin splitting. For example, on a methyl group, —CH3;, there are
three equivalent protons; on the methylene group —CH,— there are two equivalent
protons. Also, the number of peaks due to spin—spin coupling equals (n + 1) only for
nuclei where [ = 1/2, which is the case for 'H.

The magnitude of the separation between peaks in the fine structure is a measure of
strength of the magnetic interaction between the nuclei involved in the coupling. The mag-
nitude of the separation is given the symbol J. The value of J is the coupling constant or
spin-spin coupling constant between two nuclei, and is given the symbol J,p, with A
and B representing the coupled nuclei. The value of J is measured directly from the
NMR spectrum by measuring the peak separation in the fine structure, and is usually
expressed in Hz or cycles per second (cps), as shown in Fig. 3.18(a). Figure 3.18(a) is a
proton spectrum collected at 300 MHz; the separation between the different peaks is
improved over lower field instruments, but in order to see the splitting patterns the
NMR spectroscopist must select and “expand” each peak. The expanded peak plots are
shown either above the spectral peaks, or just off to the side of the peak. In very dry
ethanol the hydroxyl proton can be considered fixed on the oxygen atom. (This is not
the case in “normal” ethanol, which contains water. We will learn more about this
later.) Therefore, the hydroxyl proton will be split by the adjacent methylene protons
into a triplet, which appears at about 4.3 ppm. Looking at the expanded peak (inset
above the hydroxyl peak), it can be seen that the triplet peaks occur at 1291, 1296, and
1301 Hz; that is, they are spaced 5 Hz apart. The J coupling constant between the
methylene and hydroxyl protons, Japg, is 5 Hz. The methyl group protons appear
between 1.0 and 1.1 ppm; the peak is split into a triplet by the adjacent methylene
protons. The J coupling constant between the methyl protons and the methylene
protons is 7 Hz, as you can tell by measuring the distance in Hz between the peaks
shown in the expanded inset just to the left of the methyl peak. Since we have used A
for the hydroxyl proton, we would represent the methyl—methylene J as Jgc. We know
that the methylene protons, at about 3.5 ppm, are split into eight peaks by the adjacent
methyl and hydroxyl protons, since (3 4+ 1)(1 4+ 1) = 8. Because the J methyl—methylene
constant, Jgc, is larger than the J methylene—hydroxyl constant, Jp, the methylene peak
will be split first into a quartet, with each peak in the quartet separated by 7 Hz, as shown
schematically in Fig. 3.18(b). Then each peak in the quartet will be split into a doublet,
with a peak spacing of 5 Hz. The resulting pattern is shown in Fig. 3.18(a) and in detail
in Fig. 3.18(b).

In a compound such as chloroethane, CH;CH,Cl, there are only two groups of
equivalent protons. The methyl protons split the methylene protons and vice versa. The
coupling constant is given the symbol J,p, where A represents the methyl protons and
B the methylene protons. Jog must equal Jg5 and the spacing between the peaks in the
quartet and the peaks in the triplet will be identical. Measurement of the coupling con-
stants by measuring the peak spacing tells us which protons are splitting each other;
this helps in deducing the structure of an unknown from its NMR spectrum. J coupling
constants provide valuable information to physical chemists and to organic chemists
interested in molecular interactions. The magnitude of J does not change if the applied
magnetic field changes, unlike the chemical shift.

The magnitude of the J coupling constant between protons on adjacent single-
bonded carbons is between 6 and 8 Hz. The magnitude of J decreases rapidly as the
protons move farther apart in a compound containing saturated C—C bonds. The intro-
duction of multiple bonds or aromatic rings changes the value of J and also permits
longer-range coupling. There is no coupling between protons on the same carbon.
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For example, in a compound such as butane,

CH;—CH,—CH,—CH,
A B C D

the coupling between the protons on carbon A is zero; the coupling between the protons on
carbon A and those on carbon B is about 6—8 Hz (this is written Jog = 6—8). The coupling
between the protons on carbon A and those on carbon C is never more than 1 Hz, that is,
Jac < 1, and J5p is very small and usually negligible. If one of the C—C bonds is replaced
by a C==C, the adjacent protons on the carbon atoms would have a coupling constant of
7-10 Hz if the protons are on the same side of the double bond (cis); the coupling constant
for trans protons is even larger, 12—19 Hz. The magnitude of the coupling constant there-
fore provides structural information about the compound. Look back at Fig. 3.12(b), the
spectrum of butanal. Peak a, the terminal methyl peak, shows the triplet expected from
the adjacent methylene group, but each peak in the triplet is also split by a much
smaller longer range coupling.

The '*C nucleus is also an I = 1 /2 nucleus; it would be expected that two adjacent
13C nuclei would split the peak for each carbon into a doublet. Given that '*C is only 1.1%
of the naturally occurring carbon, the chance of finding more than one *C in a low mol-
ecular weight organic molecule is very small. The chance of finding two adjacent '*C
nuclei is even smaller. Consequently, C—C spin—spin coupling is not usually observed
in carbon NMR spectra, unless special techniques or isotopically enriched molecules
are studied. Values of J for carbon—carbon coupling have been measured using these
special approaches and range from about 20 to 200 Hz.

Spin—spin interaction is also possible between '*C and protons, and can be seen in
both proton NMR and '*C NMR spectra under the appropriate conditions. Owing to the
low abundance of '°C, the peaks due to '>*C—'H interactions are very small. In the
proton spectrum of a neat liquid, they can be observed as weak satellite peaks, one on
either side of the central proton peak.

Interpretation of NMR spectra can be very difficult if we consider all the multipli-
cities that are possible from the interactions of all the nuclei. If we confine ourselves to
spectra in which the chemical shift between interacting groups is large compared with
the value of J, the splitting patterns and the spectra are easier to interpret. This is called
utilizing first order spectra. The more complicated systems resulting in second order
and higher order spectra will not be dealt with in this text. The term second order spectrum
must not be confused with 2D NMR spectra, which will be discussed later in the chapter.

The capital letters of the alphabet are used to define spin systems that have strong or
weak coupling constants (actually large or small values of Av/J where Av is the difference
in chemical shift between the nuclei, in Hz). For example, a system A,B; indicates a
system of two types of nuclei interacting strongly together of which there are two of
type A and three of type B. For an AB system, the value of Av/J will be small; a value
of 8 is an arbitrary limit. A break in the alphabetical lettering system indicates weak or
no coupling, resulting in a large value for Av/J. The system A,X would indicate two
protons of type A that weakly couple with one proton of type X. An AX spin system
will give a first order splitting pattern. As the value of Av/J decreases, the splitting
pattern becomes more complex.

The rules for interpreting first order proton spectra can be summarized as follows:

1. A proton spin-coupled to any equivalent protons will produce n + 1 lines sepa-
rated by J Hz, where J is the coupling constant. The relative intensities of the
lines are given by the binomial expansion (r+ 1)", where n is the number of
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equivalent protons. Splitting by one proton yields two lines of equal intensity,
and by two protons yields three lines with a ratio of intensities 1:2:1. Three
protons give four lines with a ratio of intensities 1:3:3:1. Four protons yield
five lines with a ratio of intensities 1:4:6:4:1, and so on.

2. If a proton interacts with two different sets of equivalent protons, then the mul-
tiplicity will be the product of the two sets. For example, a proton split by both a
methyl (CH3) and a methylene (CH,) group will be split into four lines by the
methyl group. Each line will be split into three other lines by the methylene
group. This will generate a total of 12 lines, some of which will probably
overlap each other. The exact pattern (e.g., quartet of triplets vs. triplet of
quartets) is determined by the magnitude of the coupling constants.

3. Equivalent protons do not split each other, the transition being forbidden. In
practice, however, interactions do take place and can be seen in second order
spectra.

Interpretation of simple NMR spectra will be discussed in Sections 3.6.2 and
3.6.3. It is not possible in this text to give complete instructions on the interpretation
of NMR spectra, but it is hoped that by looking at some simple examples, it can be
understood that NMR spectra give important and detailed structural information
about molecules. For example, the chemical shift indicates the functional groups that
are present, such as aromatics, halides, ketones, amines, alcohols, and so on. Spin—
spin splitting indicates which groups are coupled to each other and therefore close to
each other in the molecular structure. The multiplicity indicates how many equivalent
protons are in the adjacent functional groups. The peak area gives us relative numbers
of each type of nucleus. The 3D geometry of even large, complex molecules can be
determined.

3.5. INSTRUMENTATION

For structural determination, a high resolution NMR is required and this type of instrument
is discussed first. Low resolution instruments are discussed in Section 3.5.7. The most
important parts of an FTNMR instrument are the magnet, the RF generator, and the
sample chamber or probe, which not only houses the sample but also the RF transmission
and detection coils. In addition, the instrument requires a pulse generator, an RF receiver,
lots of electronics, and a computer for data processing. A block diagram of an FTNMR is
shown in Fig. 3.19(a).

Older low field (e.g., 60 MHz) NMR instruments used a fixed RF and a permanent
magnet or electromagnet with a set of Helmholtz coils in the pole faces of the magnet,
shown schematically in Fig. 3.19(b). These coils could be adjusted to vary the applied
magnet field slightly by passing a current through them, causing each chemically different
nucleus to come into resonance sequentially. Such instruments were called continuous wave
(CW) or field sweep instruments. The sample holder was placed in the magnetic field. Two
RF coils surrounded the sample so as to be orthogonal to each other and to the applied
magnetic field. One coil applied a constant RF frequency; the second coil detected the
RF emission from the excited nuclei as they relaxed. These systems were simple and
rugged, but limited in resolution and capability. There are no longer any manufacturers of
CW NMR instrumentation. The increased sensitivity of FTNMR is so critical to the
measurement of '>C and other less abundant nuclei as well as to increased proton sensitivity



NMR Spectroscopy 149

(a)

Probe with sample

Pulse

Generators Radiofrequency
(2 or more) transmitter and Output

receiver

y

A
Quadrature FID to
Detector FT
e —————————
. f ————
Slgnal ————————
Processing
Electronics
Coils to pick up
(b) Applied > signal from
S RF field S sample (RF detector)
Permanent magnet Permanent magnet
Sample
container

Helmholtz coils

Figure 3.19 (a) Schematic block diagram of an FTNMR spectrometer. (b) Schematic diagram of a
CW NMR spectrometer with a permanent magnet.

that all modern NMR spectrometers are FT instruments. The term NMR spectrometer
therefore is used in the remainder of the chapter to mean a pulsed FT system.

A modern NMR magnet and probe are shown in Fig. 3.20(a). NMR spectrometers
cost from about $200,000 for a 300 MHz instrument to $1,000,000 for a high field wide
bore instrument for solids. Magnetic resonance imaging (MRI) and NMR research
imaging instruments cost over $3 million dollars.

3.5.1. Sample Holder

The sample holder in NMR is normally tube-shaped and is therefore called the sample
tube. The tube must be transparent to RF radiation, durable, and chemically inert. Glass
or Pyrex tubes are commonly used. These are sturdy, practical, and cheap. They are
usually about 67 in. long and ~1/8 in. in diameter, with a plastic cap to contain the
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Figure 3.20 (a) Magnet and assembly for a modern NMR spectrometer. The superconducting
coils (the primary solenoid and the shim coils, marked SC) are submerged in a liquid helium
dewar (He) which is suspended in an evacuated chamber. A liquid nitrogen dewar (N,) surrounds
that to reduce the loss of the more expensive He. The levels of cryogenic fluids are measured
with level sensors, marked LS. The room temperature shim coils (RS) and probe (P) are mounted
in the bore of the magnet. A capped sample tube, shown inserted into the probe at the top, is intro-
duced and removed pneumatically from the top of the bore. (b) A schematic probe assembly. A
sample tube (uncapped, with a liquid sample as indicated by the meniscus) is shown inserted at
the top of the probe. The RF coil for the observed nucleus (OC) is mounted on a glass insert
closest to the sample volume. The RF coil for the lock signal (LC) is mounted on a larger glass
insert. Variable capacitors (VC) are used to tune the appropriate circuit (lock, observe) to be in
resonance with the appropriate RF. Only a small portion of the RF circuitry in the probe is
shown. (From Petersheim, used with permission.)

sample. This type of tube is used for obtaining spectra of bulk samples and solutions.
Sample tubes range in size from this “standard” size down to tubes designed to hold
40 pL of sample, such as the Nano Probe version from Varian Associates (www.varianinc.
com). Flow-through cells are used for hyphenated techniques such as HPLC-NMR and
on-line analysis.

3.5.2. Sample Probe

The sample chamber into which the sample holder is placed is called the probe in an NMR
spectrometer. The probe holds the sample fixed in the magnetic field, contains an air
turbine to spin the sample holder while the spectrum is collected and houses the coil(s)
for transmitting and detecting NMR signals. A schematic of a probe is presented in
Fig. 3.20(b).

The probe is the heart of the NMR system. The most essential component is the RF
transmitting and receiving coil, which is arranged to surround the sample holder and is
tuned to the precession frequency of the nucleus to be measured. Modern NMR probes
use a single wire coil to both excite the sample and detect the signal. The coil transmits
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a strong RF pulse to the sample; the pulse is stopped and the same coil picks up the FID
signal from the relaxing nuclei.

For maximum sensitivity, a fixed frequency probe is needed. This means that a
separate probe is required for each nucleus to be studied: IH, 13C, 19F, and so on. A
high-end probe costs on the order of $120,000. Much time can be lost in changing
probes, which must be retuned before use, if one has to switch between nuclei fre-
quently. Some variable frequency probe designs are available, but have decreased
power, sensitivity, and spectral quality compared with fixed frequency probes. Probes
for double resonance experiments require two concentric coils for the two RF sources.
Triple resonance probes with many gradient options for liquids, solids, and flow experi-
ments are available.

Probes usually have variable temperature control to run experiments at temperatures
selected by the analyst. Cryogenically cooled probes can improve the resolution of a
system, so that a 600 MHz spectrometer equipped with such a probe can provide resol-
ution equivalent to a 700—800 MHz instrument. New probe designs with flow-through
sample holders are commercially available, for use in coupled HPLC-NMR instruments
and HPLC-NMR-MS instruments. These hyphenated instruments are discussed under
applications later in the chapter.

The probe is installed in the spectrometer magnet so that the coils are centered in the
magnet. The sample tube is inserted into the top of the probe and is moved by an air
column through the magnet bore and centered among the probe coils. The tube exits
the spectrometer at the top of the probe, again moved by an air column from the bore.

3.5.3. Magnet

The magnet in an NMR spectrometer must be strong, stable, and produce a homogeneous
field. Homogeneous in this context means that the field does not vary in strength or direction
from point to point over the space occupied by the sample. The field must be homogeneous to
a few ppb within the sample area. It is common to express the magnetic field strength in terms
of the equivalent proton frequency from the Larmor equation. A field strength of 1.4 T is
equivalent to a proton frequency of 60 MHz. Commercial magnets range from the now obso-
lete 60 MHz (1.4 T) to 700 MHz (16.4 T) and higher. Varian Associates, the same company
that introduced the first commercial NMR instrument in 1952, introduced a 900 MHz NMR
instrument in 2001. The magnet is so large that this instrument comes with its own staircase
so that the analyst can insert and remove the sample tube from the top of the probe. This
instrument can be viewed at www.varianinc.com under the NMR link. This instrument
costs approximately $4.5 million dollars. Other instrument companies have introduced
similar high frequency instruments, with the trend now heading to GHz instruments.
Modern NMR spectrometers use superconducting solenoid magnets, as shown sche-
matically in Fig. 3.20. The magnet consists of a main field coil made of superconducting
Nb/Sn or Nb/Ti wire with a dozen or more superconducting shim coils wound around the
main coil to improve field homogeneity. The superconducting coils must be submerged in
liquid helium. The magnet and liquid helium reservoir are encased in a liquid nitrogen
reservoir to decrease the evaporative loss of the more expensive liquid helium. As can
be seen in Fig. 3.20, there is an open bore in the middle of the solenoid. The sample
probe is mounted in the bore along with a set of room temperature shim coils. These
coils are adjusted with every new sample placed in the probe to compensate for sample
composition, volume, and temperature. Adjusting the field homogeneity, called ‘“shim-
ming”, used to be a time-consuming task. Now computers with multivariate optimization
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procedures perform this task automatically. The magnetic field strength is held constant by
a “frequency locking” circuit. The circuit is used to monitor a given nucleus, such as deu-
terium used in the solvent for liquid samples, and to adjust the magnetic field strength to
keep this nucleus at a constant resonant frequency.

The bore also contains air conduits for pneumatic sample changing and spinning of
the sample holder in the magnetic field. The size of the bore determines how large a
sample can be introduced into the magnetic field. Conventional analytical NMRs generally
have bore diameters of 5—10 cm, with the larger diameters used for NMR of solids
by MAS; the wider bore is needed to accommodate the instrumentation required. Field
homogeneity is better in narrow bore magnets. A very large bore size is that used in
human whole-body MRI systems, where the bore is large enough to accommodate a
table and the patient.

To see how an NMR magnet is constructed, the interested student should visit the
JEOL, Inc. homepage at www.jeol.com, and follow the NMR links to “Magnet Destruc-
tion”. A JEOL scientist, Dr. Michael Frey, cut open a 270 MHz magnet layer by layer. The
pictures and commentary give a good appreciation for the complexity of the magnet con-
struction. The file can be accessed directly at www.jeol.com.nmr/mag_view/magnet_
destruction.html. In this particular magnet, over 12 miles of superconducting wire were
used for the main coil alone.

The cryogenic fluids must be replenished on a regular basis, usually weekly for the
liquid nitrogen and every 1—6 months for the liquid helium. The superconducting coils
must be kept cold; if permitted to warm up they stop functioning. The magnet is said to
have “quenched”.

3.5.4. RF Generation and Detection

The RF radiation is generated by using an RF crystal oscillator. The output of the oscillator
is amplified, mixed, and filtered to produce essentially monochromatic RF radiation for an
NMR instrument. The RF radiation delivered to the sample is pulsed. A simple pulse
might be a rectangular pulse of 500 MHz frequency for a 10 s duration. The process
of pulsing actually widens the RF band, providing a range of frequencies that is able to
excite all nuclei whose resonances occur within the band of frequencies. All resonances
within the band are excited simultaneously. An example of this is shown in Fig. 3.21.
A 10 s, 500 MHz rectangular pulse leads to a power distribution around the 500 MHz
frequency as shown. A proton spectrum occurs over a chemical shift range of
~10 ppm, which corresponds to +2.5 kHz at 500 MHz. As seen in Fig. 3.21, all of the
protons in the sample would see 98—100% of the power of the 500 MHz radiation deliv-
ered and all would be excited simultaneously. A pulse programmer is used to control the
timing and shape of the RF pulses used to excite the sample. Square wave pulses are com-
monly used, but multipulse experiments and 2D NMR experiments with other pulse
shapes are performed. There are hundreds of pulse sequences and 2D experiments that
have been developed, with curious names like APT, DEPT, INEPT, INADEQUATE,
COSY, and many more, some of which will be discussed later in the chapter. Each
pulse sequence provides specific and unique NMR responses that enable the analyst to
sort out the NMR spectrum and deduce the chemical structure of a molecule.

All signals are collected simultaneously. The RF pulse delivered is generally on the
order of watts while the NMR signal collected is on the order of microwatts. The FID
signal in the time domain must be converted to a frequency domain spectrum by appli-
cation of a Fourier transformation or other mathematical transformation. Commercial
instruments generally use quadrature phase-sensitive detection to avoid spectrum artifacts
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Figure 3.21 The power distribution for a 10 ps rectangular pulse of 500 MHz RF radiation.
(a) Distribution over a 400 kHz range. (b) The power level drops to 97% of the maximum at
5 kHz (10 ppm) on both sides of the center of the spectrum. This can affect the accuracy of integrals
for resonances in different regions of the spectrum. (From Petersheim, used with permission.)

resulting from the mathematical transformation. The operational details of the electronics
required to provide the strong pulse and detect the very weak signals are complex and
beyond the scope of this text. The interested student should consult the text by Fukushima
and Roeder or the references cited by Petersheim for more details.

3.5.5. Signal Integrator and Computer

All NMR spectrometers are equipped with a signal integrator to measure the area of peaks.
The area often appears on the NMR spectrum as a step function superimposed on the
spectrum, as seen in Fig. 3.18(a), but is also printed out in a data report as well.
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All NMR spectrometers require a computer to process the data and much of the
instrument is under computer control. Multitasking or networked computer workstations
are normally used, so that data can be processed while long experiments are running on
the instrument. A typical single NMR data file can be processed in less than 1s. 2D
and 3D NMR experiments generate megabytes to gigabytes of data that must be processed
for each experiment. According to Petersheim, 2D NMR plot generation in the early 1980s
required days of operator and computer time. The same 2D plots are now generated in
minutes with today’s improved software and faster computers.

Computer control of the room temperature shim currents that control the field
homogeneity, of sample spinning rates, autosamplers, pulse sequences, and many other
aspects of the instrument operation is a necessity.

3.5.6. Wide-Line Benchtop NMR Spectrometers and
Portable NMR Spectrometers

There is a class of low-resolution benchtop NMR spectrometers commercially available
that are useful for dedicated quantitative analyses measurements. These are referred to
as wide-line spectrometers. They generally have permanent magnets of low magnetic
field strengths, for example, 7-20 MHz, but are pulsed, time domain instruments.
These instruments are physically small and able to fit easily onto a laboratory bench.
Examples of the use of these instruments are presented in Section 3.6.7. At the opposite
end of the NMR instrument size range from the very large 900 MHz instruments are hand-
held NMR devices. Bruker Optics (www.minispec.com) has developed a palm-sized NMR
device called the Minispec MOUSE that allows the analyst to bring the NMR to the sample
instead of having the sample being inserted in the instrument. MOUSE stands for Mobile
Surface Universal Explorer. The device has a small magnet and RF surface coil that directs
the magnetic field and RF pulses into an object of any size. Measurements can be made
approximately at the surface of the object or into the sample to a depth of several milli-
meters. Such a device can be used for medical applications, polymer, and rubber
science and in production quality control.

3.6. ANALYTICAL APPLICATIONS OF NMR

NMR spectroscopy is used for both qualitative and quantitative analyses. The applications
of NMR are very diverse and only a very few examples can be given here. The student
interested in applications of NMR is advised to look at journals such as Analytical Chem-
istry, published by the American Chemical Society, or Applied Spectroscopy, published
by the Society for Applied Spectroscopy, for an overview of the wide range of uses for
NMR. Particularly useful is the annual issue of Analytical Chemistry dedicated to Appli-
cations Reviews (odd-numbered years) or Fundamental Reviews (even-numbered years).

3.6.1. Samples and Sample Preparation for NMR

Liquid samples are the simplest samples to analyze by NMR. Neat nonviscous liquids are
run “as is” by placing about 0.5 mL of the liquid in a glass NMR tube. Liquids can be
mixed in a suitable solvent and run as solutions; the analyte concentration is generally
about 2—10%. For the examination of liquid samples, the sensitivity is sufficient to deter-
mine concentrations down to about 0.1%. NMR is not considered a “trace” analytical tech-
nique, but that is changing as instrumentation continues to improve. Microtubes with as
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little as 1 pg of sample in 100 L of solvent are now in use. Samples in solution and neat
liquids are degassed to remove oxygen and filtered to remove iron particles; both O, and
iron are paramagnetic and cause undesired line broadening.

Soluble solid samples are dissolved in a suitable solvent for analyses. A typical
sample size is 2—3 mg dissolved in 0.5 mL of solvent. Some solid polymer samples
may be run under “liquid” conditions, that is, without MAS, by soaking the solid in
solvent and allowing it to “swell”. This gives enough fluidity to the sample that it
behaves as a liquid with respect to the NMR experiment. Other solid samples must be
run in an instrument equipped with MAS, as has been discussed.

NMR does not have sufficient sensitivity to analyze gas phase samples directly.
Gases must be concentrated by being absorbed in a suitable solvent, condensed to the
liquid phase, or adsorbed onto an appropriate solid phase.

A suitable solvent for NMR should meet the following requirements: (1) be chemi-
cally inert toward the sample and the sample holder, (2) have no NMR absorption spec-
trum itself or a very simple spectrum, and (3) be easily recovered, by distillation, for
example, if the original sample is required for other testing. The best solvents for
proton NMR contain no protons and therefore give no proton NMR signals. Carbon
tetrachloride and carbon disulfide fall into this category. Replacing protons, 'H, with
deuterium, *H or D, will remove most of the proton signal for the solvent from
the spectrum. Deuterated chloroform, CDCl;, deuterated water, D,O, and many other
deuterated solvents are commercially available for use. Deuterated solvents have two
drawbacks; they are expensive and they generally contain a small amount of 'H, so
some small signal from the solvent may be seen. A spectrum of the solvent (the blank
spectrum) should be run regularly and whenever a new lot of solvent is used. Deuterated
chloroform is the solvent used for most of the '*C spectra shown in the chapter and the
small signal from the naturally occurring '*C in the solvent is visible in these spectra.
An example will be pointed out when discussing these spectra.

3.6.2. Qualitative Analyses: Molecular Structure Determination

The primary use of NMR spectroscopy is for the determination of the molecular structure
of compounds. These may be organic compounds synthesized or separated by organic
chemists, pharmaceutical chemists, and polymer chemists; organic compounds isolated
by biologists, biochemists, and medicinal chemists; and organometallic and inorganic
compounds synthesized by chemists and materials scientists. The importance of NMR
spectroscopy in deducing molecular structure cannot be overstated.

While some features of the proton NMR spectrum have been discussed earlier, we
will go through some examples of how to use a proton NMR spectrum to work out the
structure of some simple organic molecules. We need to understand a few more aspects
of the NMR spectrum first.

3.6.2.1. Relationship Between the Area of a Peak and Molecular Structure

As we learned in Section 3.4, the multiplicity of a given peak tells us the number of
adjacent equivalent protons. The multiplicity tells us nothing about the number of
protons that give rise to the peak itself. That information comes from the peak area.
The total area of an absorption peak is directly proportional to the number of protons
that resonate at the frequency. By total area, we mean the area of all the peaks in the multi-
plet, if the peak is a multiplet, or the total area of the peak if the peak is a singlet.
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In a sample of dry ethanol, Fig. 3.18(a), the methyl group, CHs, is split by the
methylene group to give three peaks. The area corresponding to the methyl group is the
area enclosed by all three peaks of the triplet measured from a baseline. The two
protons of the methylene group are split by the methyl group and by the proton of the
OH into a total of eight peaks. The area contributed by the methylene protons is that
enclosed by all eight peaks measured from a baseline on the spectrum. The total area of
the methyl group, CHj, will be 3/2x the total area of the CH, group. The OH proton
is split into a triplet by the methylene protons; the area corresponding to that proton is
the entire area of its triplet measured from a baseline; the area corresponding to the
hydroxyl proton should be 1/3 that of the methyl group.

In practice, the peak areas are measured by integrating the signal area automatically.
The computer prints out the relative area. Relative areas are often shown as step function
traces on the spectrum printout, as has been done for the spectrum in Fig. 3.18(a); each
peak has a line traced over it with a baseline at the bottom and at the top. The peak areas
are relative; it is not possible to assign a molecular formula to an unknown from the
NMR spectrum alone. For the ethanol example given earlier, the relative areas of the
peaks should be 3:2:1 for the peaks as shown from right to left, that is, A:B:C. For
ethanol, the relative area of the peaks is also the absolute area. We know this only because
we know the sample is ethanol and we know the molecular formula for ethanol. The areas
are shown as the stepped lines drawn across the spectrum. In the rare case that the integrator
is not functioning, the relative areas can be obtained the old-fashioned way, by measuring the
height of each step with a ruler. Take a ruler (marked in any units as long as they are small
enough, such as 1/16 in., cm, or mm divisions) and measure the height of the step for peak C,
on the far left of the spectrum. It may help to extend the bottom and top plateaus using your
ruler and a pencil. Measure the height of this step in mm and write down the value. Do the
same for the other two steps for peaks B and A. Now it is necessary to divide each of the
measurements by the smallest measurement to get the relative peak areas. For the methyl
peak, divide the height of step A by the height of step C; the value should be equal to 3. There-
fore, the area of peak A is 3 relative to peak C. As you can see by doing the other two ratios,
the relative areas are 3:2:1 for peaks A, B, and C respectively. It is important to measure and
read the step heights as accurately as you can for this method to work well.

From this relative area calculation, we can state that there are twice as many
protons in the group giving rise to peak B as there are in the group giving rise to peak C
and that there are 3x as many protons in the peak A group as in the peak C group. We
cannot say that peak C is due to one proton and peak A due to three protons without
more information. The empirical formula can be determined if we have elemental analyses
information and the molecular formula can be calculated if the molecular weight is known
from another measurement, such as MS.

It is also important to keep in mind that the smallest peak may be equal to more than
one proton. You can deduce this if your ratios look like 1.9:1.5:1, for example. Clearly,
you cannot have a molecule with 1.5 protons on a carbon atom. Now, you need to multiply
everything through by the same common factor, until you get whole number values. If you
multiply 1.9, 1.5, and 1 by 2, you get 4, 3, and 2 protons, respectively, which is a reason-
able set of whole numbers to work with in building a structure. A good practice example of
this type is the spectrum of butylamine (Fig. 3.37).

3.6.2.2.  Chemical Exchange

In a solution of methanol, CH;OH, and water, or ethanol and water, the hydrogen of the
alcohol OH group exchanges with hydrogen in the water, H,O. Such a proton is said to be
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labile. If this physical exchange rate is greater than the change in resonance frequency for
the nuclei involved, the nearby nuclei see only the average position of the nucleus, and
spin—spin splitting due to the labile proton disappears. The exchange rate is affected by
temperature, increasing with increased temperature. In addition, the proton on the OH
group can participate in hydrogen bonding, which is also temperature dependent, concen-
tration dependent, and very solvent dependent. The spectra of alcohols are therefore
affected by any traces of water in the sample and by temperature. Figure 3.22 is the spec-
trum of normal reagent grade ethanol, which contains water. Compare this spectrum with
that of dry ethanol in Fig. 3.18(a). There are three dramatic differences. First, the position
of the hydroxyl proton has shifted to 2.6 ppm instead of its position at about 4.3 ppm in the
very dry sample, so the peak on the far left of the normal ethanol spectrum is the methylene
peak. The hydroxyl peak appears as a singlet, not a triplet, because the exchange rate is so
fast that the hydroxyl proton is not split by the methylene protons. For the same reason, the
methylene protons are not split by the hydroxyl proton, only by the methyl protons. There-
fore, the methylene peak appears as a quartet in normal ethanol. The spacing between the
peaks in the triplet and the peaks in the quartet should be equal since Jag = Jpa.

For another example, the spectra of CH3;0H at 20°C and —40°C are shown
schematically in Fig. 3.23, demonstrating the effect of temperature on the spectrum.
The rate of exchange is so rapid at the higher temperature that no spin—spin splitting is
seen. Changes in hydrogen bonding will dramatically affect the chemical shift position
of the alcohol proton. The same is true for any proton capable of hydrogen bonding,

CHaCH20H
in CDCl3
’ 1 1'00" 10'80 ) ’ 360 ' 340
i ) J'
4.5 4.0 35 3.0 25 20 1.5 1.0 0.5
(ppm)

Figure 3.22 The proton NMR spectrum of normal reagent grade ethanol, which always contains
water. Compare this spectrum with that in Fig. 3.18(a). Note that in the presence of water, the spin—
spin coupling due to the OH proton disappears and the chemical shift of the hydroxyl proton changes.
(From Silverstein and Webster; this material is used by permission of John Wiley and Sons, Inc.)
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Figure 3.23 Schematic proton spectra of methanol obtained at 20°C, shown on the left side of the
diagram, and at —40°C, on the right of the diagram. The fine structure (spin—spin splitting) is not
observed at 20°C due to the rapid exchange rate of the hydroxyl proton. Cooling the sample to
—40°C slows the exchange rate sufficiently that the hydroxyl proton can be considered fixed in
place; spin—spin coupling is then observed.

which means that any compound with an NH or OH proton has a spectrum dependent on
temperature, concentration, and solvent polarity.

If the chemical exchange frequency is lower than the spectral frequency for the nuclei
of interest, there will be a discrete set of resonances for each state. Processes with intermedi-
ate rates are studied by physical, organic, and inorganic chemists using NMR because the
positions and shapes of the peaks can be used to estimate reaction kinetics and the lifetimes
of reactants and products in a reaction.

Chemical exchange is not limited to the exchange of hydrogen-bonded protons in
solution. Chemical exchange includes conformational changes as well as actual bond-
breaking and bond-forming changes that result in new chemical shifts for the nuclei
involved. Examples include dimer formation and tautomerism. The important point is
that chemical exchange can alter the appearance of an NMR spectrum, as is clear from
the alcohol example. This must be remembered in interpreting NMR spectra.

3.6.2.3.  Double Resonance Experiments

When we first examine an NMR spectrum of an unknown sample, it is often not easy to tell
which nuclei are coupled, especially if the splitting patterns are complex. Double reson-
ance experiments employ two different RF sources and a variety of pulse sequences to
sort out complex splitting patterns. It was discussed in Section 3.1.2 that a system of
protons could become saturated by applying a strong RF field to the sample. When satur-
ation occurs, the saturated protons do not give an NMR signal and they do not couple with
and split the peaks for adjacent protons. The saturated proton is said to have been
“decoupled”. Advantage is taken of this phenomenon to simplify complicated NMR
spectra. In a double resonance spin decoupling experiment for proton NMR, one RF
source is scanned as usual. The second RF source selectively saturates one resonance fre-
quency (one group or type of protons). This causes the collapse of all the splitting patterns
of nuclei to which that group is coupled. Irradiating each resonance frequency in turn and
observing which peaks have their fine structure disappear permits identification of all the
coupled protons. For example, a peak that had been a triplet will collapse into a singlet if
the methylene group that is causing the spin—spin splitting is saturated. A simple example
of the use of spin decoupling by double resonance is shown in Fig. 3.24. The proton spec-
trum of ethylbenzene is shown in Fig. 3.24(a). If the methyl resonance is saturated, the
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Figure 3.24 Homonuclear decoupling experiment. A 250 MHz 'H NMR spectrum of ethylben-
zene in deuterated chloroform obtained (a) without decoupling, (b) with irradiation of the methyl
resonance, and (c) with irradiation of the methylene resonance. (From Bruch and Dybowski, used
with permission.)

NMR spectrum obtained is that shown in Fig. 3.24(b). The signal for the methyl group at
1.2 ppm disappears and the methylene quartet at 2.6 ppm collapses into a singlet, because
the methyl protons no longer split the methylene protons. If in a second experiment, the
methylene resonance is saturated, the spectrum in Fig. 3.24(c) is obtained. The methylene
signal at 2.6 ppm disappears and the methyl triplet collapses into a singlet. From these two
experiments, it can be deduced that the methyl and methylene groups are coupled and
therefore are adjacent to each other.

A more complex spectrum and decoupling experiments are shown for sucrose in
Fig. 3.25. The structure of sucrose is shown in Fig. 3.25. Ignoring the hydroxyl protons,
each methine proton and methylene group is chemically different, giving rise to 11
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Figure 3.25 Homonuclear decoupling experiments of the 300 MHz proton NMR spectrum of
sucrose dissolved in D,0. The fully coupled spectrum is shown in (c). (a) Selective saturation of
the triplet at 4.05 ppm collapses the doublet at 4.22 ppm, showing the coupling between the positions
of protons a and b marked on the sucrose structure. (b) Saturation of the doublet at 5.41 ppm col-
lapses the doublet of doublets at 3.55 ppm, leaving a doublet. The experiment shows the coupling
between the protons marked ¢ and d on the structure. (The spectra are from Petersheim, used
with permission. The sucrose structure is that of D-(+)-sucrose, obtained from the SDBS database,
courtesy of National Institute of Industrial Science and Technology, Japan, SDBSWeb:http: //www.
aist.go.jp/RIOBD/SDBS. Accessed 11/05/02.)
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resonance peaks in the spectrum. The fully coupled spectrum for sucrose dissolved in deut-
erated water, D,O, is shown in (c) and the exchange rate is fast enough that no coupling is
seen from the hydroxyl protons. Look first at spectrum a, the top spectrum, and compare it
with spectrum c. Saturation of the triplet at 4.05 ppm, which is due to the proton marked
(a) in the structure, causes the triplet to disappear from spectrum a. It also collapses the
doublet at 4.22 ppm, indicating that proton (a) is coupled to the proton causing the absor-
bance at 4.22 ppm. If we know that the peak at 4.05 is due to proton (a), it follows that the
peak at 4.22 ppm must be from the proton marked (b). [Why? Why can it not be the proton
on the carbon to the right of proton (a)? Hint: think about the splitting.] Now look at spec-
trum b. Saturation of the doublet at 5.41 ppm, due to proton (c), causes the doublet to dis-
appear from spectrum b and also collapses the doublet of doublets at 3.55 ppm, leaving a
doublet. This tells us that the resonance at 3.55 ppm is due to proton (d). [Why? Why does
proton (d) appear as a doublet of doublets in the fully coupled spectrum?] The singlet peak
at 4.8 ppm in each spectrum in Fig. 3.25 is due to residual HDO in the D,O solvent.

By using double resonance experiments, one can greatly simplify the spectrum;
coupling between different types of nuclei is confirmed by both the disappearance of the
peak for the saturated nuclei and the collapse of the fine structure of the coupled nuclei.
Nuclei of the same type can be decoupled, as in the proton—proton example given
earlier; this is called homonuclear decoupling. It is of course possible to decouple
unlike nuclei, such as 'H-'3C decoupling; this is called heteronuclear decoupling.
Both of these are examples of spin decoupling.

In modern instruments it is not uncommon to use double and triple resonance
experiments to simplify the spectrum sufficiently for interpretation. One interesting
result of the use of double resonance, the nuclear Overhauser effect (NOE), is very
important in '*C NMR and will be discussed in Section 3.6.4. Table 3.4 lists a few com-
monly used double resonance, multipulse, and 2D NMR experiments by name. Several of
these experiments will be explained in more detail subsequently.

3.6.3. Interpretation of Proton Spectra

NMR absorption spectra are characterized by the chemical shift of peaks and spin—spin
splitting of peaks. Recall that the chemical shift is caused by the drifting, not orbiting
or spinning, of nearby electrons under the influence of the applied magnetic field. It is
therefore a constant depending on the applied field (i.e., if the field is constant, the chemi-
cal shift is constant). The chemical shift therefore identifies the functional group, such as
methyl, methylene, aldehydic H, aromatics, and so on (see Table 3.3). All proton spectra
shown have TMS as the reference, with the TMS absorbance set at 0.0 ppm. The student
should note that all of the 300 MHz proton NMR spectra provided by Aldrich Chemical
Company, Inc. also include the 75 MHz *C spectrum at the top. '>*C NMR spectra are dis-
cussed in Section 3.6.4.

Spin—spin splitting is caused by adjacent nuclei and is transmitted through the
bonds. It is independent of the applied field. The multiplicity is therefore a function of
the number of equivalent 'H nuclei in the adjacent functional groups. Numerically, it is
equal to (2nl 4 1), where n is the number of equivalent H and 7 is the spin number (in
this case, I = 1/2). For two adjacent groups the number is (2nl + 1)(2n'I' + 1) where n
and n’ are the numbers of 'H nuclei in each separate group and 7 and I’ each equal 1 /2.
It can readily be seen from the real spectra we have already looked at and will look at,
that the intensity ratios in multiplets are often not the symmetrical intensities predicted
from Pascal’s triangle. Look, for example, at the peak (a) triplet in Fig. 3.12(b) and (c).
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Table 3.4 Double Resonance, Multipulse, and 2D NMR Experiments

Acronym Experiment description

APT: attached proton test Multipulse sequence used to distinguish even and odd numbers of
protons coupled to '*C through one bond. Even numbers of bound
protons give positive peaks; odd numbers give negative peaks

DEPT: distortionless Multipulse; conditions are chosen so that only '*C nuclei with the
enhancement by same number of bound protons have enhanced resonances. Four
polarization transfer experiments must be performed, but DEPT is more definitive than

APT

INADEQUATE: Multipulse; allows observation of natural abundance '*C—"3C
incredible natural coupling. Only 1 carbon atom in 10* carbon atoms is a '>C bonded
abundance double to another 13C, hence the name “incredible”
quantum transfer

COSY: correlated Homonuclear 2D experiment; plot of chemical shift vs. chemical
spectroscopy shift identifies spin-coupled resonances. Many variations permit

measurements of J coupling constants, long-range connectivities,
suppression, and enhancement of selected resonances

HETCOR: heteronuclear Heteronuclear 2D experiment; usually to connect 'H resonances
chemical shift with '3C resonances or lH—X, where X is another NMR-active
correlated experiment nucleus. Plot is '*C chemical shift (or X chemical shift) vs. 'H

chemical shift

NOESY: nuclear Identifies dipolar coupled nuclei within certain distances (e.g.,
Overhauser effect within 0.4 nm for first order coupling) and identifies connectivities
spectroscopy through cross-relaxation

Note: Table modified from Petersheim, used with permission.

It is certainly is not 1:2:1 or symmetrical. This deviation from theory actually provides us
with more structural information, as we will see.

Another piece of information is obtained from the relative area of the absorption peaks
in the spectrum, which tells us the relative number of protons in each group. So, a proton
NMR spectrum should be examined for: (1) the number of proton resonances which tells
you how many different types of protons are in the molecule; (2) the chemical shifts of
the resonances which identifies the type of proton; (3) the multiplicity of the resonances
which identifies the adjacent equivalent protons; and (4) the intensity (area) of the resonances
which tells you the relative number of each type of proton. Some examples of common
classes of organic compounds are discussed. Not every type of compound is covered in
this brief overview. Students needing more detailed spectral interpretation should consult
the references by Silverstein and Webster, Pavia et al., Lambert et al., or similar texts.

3.6.3.1. Aliphatic Alkanes, Alkenes, Alkynes, and Alkyl Halides

Alkane protons absorb in the region between 0.6 and 1.7 ppm. The spectrum of octane,
CH;(CH,)¢CH3, Fig. 3.26, is typical of straight chain alkanes. The methyl groups
absorb at 0.88 ppm and the methylene groups at 1.26 ppm. In long chain alkanes, the
methylene protons often overlap and spin—spin splitting cannot be resolved. The relative
area ratio of the methylene peak/methyl peak is expected to be 2/1, which can be con-
firmed by measuring the relative height of the steps shown on the spectrum. The peak
at 0.88 ppm due to the methyl groups is split into a triplet by the adjacent methylene
protons as expected.
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Figure 3.26 Proton and '*C NMR spectra of octane, CH;(CH,)¢CHj. (Reprinted with permission
of Aldrich Chemical Co., Inc.)

Substitution of an electronegative halide atom, F, Cl, Br, or I, on an alkane will
deshield any protons attached to the same carbon atom. The deshielding is a result of
the electronegativity of the halogen atom. Fluorine shows the largest deshielding effect,
iodine the smallest. Two halogen atoms on a single carbon have a greater deshielding
effect than a single halogen atom. Since '’F is an /= 1 /2 nucleus, fluorine-substituted
hydrocarbons will show H—F and F—F spin—spin coupling. The other halogens do not
couple.

Figure 3.27(a) is the 60 MHz proton spectrum of bromoethane (or ethyl bromide).
The structure and chemical shifts are shown. The methyl peak is split into a triplet by
the methylene group and the methylene group is split into a quartet by the methyl
group. The peak a/peak b area ratio is expected to be 3/2. The position of the methylene
peak is shifted to a significantly higher resonance frequency by the deshielding due to Br.
It occurs at about 3.4 ppm, compared with the normal position of 1.2—1.4 ppm for methyl-
ene protons in an alkane such as octane (Fig. 3.26). The electronegative Br also affects the
resonance position of the adjacent methyl protons, moving them to a higher resonance fre-
quency as well, 1.7 ppm vs. the normal alkane position of about 0.9 ppm. Now look at the
triplet; you will note that it is not symmetrical. The intensity of the peak on the left side
of the triplet is higher than that of the peak on the right. Look at the quartet; you should
note that the two peaks on the right of the quartet are higher than the two peaks on the left
side. The triplet appears to be “leaning” toward the quartet and the quartet is “leaning”
toward the triplet. This is a clue that the two peaks are coupled together. The J coupling
constant should be identical for the triplet and the quartet (i.e., Jag = Jga). You should be
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Figure 3.27 (a) The 60 MHz proton spectrum of bromoethane. The methyl protons at 1.7 ppm
are split into a triplet by the two methylene protons, since 2n/+ 1 = (2)(2)(1/2) + 1 = 3. The
methylene protons are deshielded by the Br and moved to 3.4 ppm. They are split into a quartet
by the adjacent methyl protons, 2nf/ + 1 = (2)(3)(1/2) + 1 = 4. (b) The 300 MHz proton spectrum
and °C spectrum for bromoethane. The 3/2 proton area ratio can be measured from this spectrum.
(Reprinted with permission of Aldrich Chemical Co., Inc.)
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able to measure it from this spectrum. Figure 3.27(b) is the 300 MHz proton spectrum of
bromoethane and its '*C spectrum. You can confirm the 3/2 area ratio from the height of
the steps plotted on the 300 MHz spectrum.

The compound chloroethane (or ethyl chloride), CH;CH,Cl, would show the same
splitting pattern as bromoethane; the position of the methylene peak would be slightly
more deshielded (3.5 vs. 3.4 ppm) due to the greater electronegativity of Cl. In both of
these compounds, the electronegative halogen has a deshielding effect on the adjacent
methyl protons as well; they absorb at higher chemical shift (1.2—1.5) than they would
in an alkane (0.7—1.0 ppm). Figure 3.28 shows the effect of two chlorine atoms on the
same carbon; the proton on that carbon is moved to 5.9 ppm by the deshielding.
Compare the position of this proton and the methyl protons to the chemical shifts given
for chloroethane and shown for bromoethane (Fig. 3.27). You will see that the two chlor-
ine atoms deshield the adjacent methyl protons as well and by a larger amount than a
single chlorine atom. The methyl group is split into a doublet by the adjacent proton,
while the single proton (the peak at 5.9 ppm) is split into a quartet by the methyl group.
As a final example of this type of compound, Fig. 3.29 shows the 60 MHz spectrum of
1,3-dichloropropane. The “a” methylene protons are split into five peaks by the four equiv-
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Figure 3.28 The spectra of 1,1-dichloroethane, CH;CHCl,, showing the effect of two halogen
atoms on the same carbon on the resonance frequencies of the protons. The CHj group absorbs at
2.06 ppm, while the proton on the chlorine-containing carbon is highly deshielded and absorbs at
5.89 ppm. The Jap coupling constant is 6.0 Hz. (Reprinted with permission of Aldrich Chemical
Co., Inc.)
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Figure 3.29 The 60 MHz proton spectrum of 1,3-dichloropropane.

instead of the 1.2—1.4 ppm position in an alkane. The “b” methylene protons are split into
a triplet by the two “a” protons and are more strongly deshielded since the Cl atom is on
the same carbon atom as the “b” protons. The expected area ratio of peak a/peak b is 1/2.
There is asymmetry in the multiplets; they are “leaning” toward one another as expected.
Alkenes have two characteristic types of protons. The vinyl protons are those attached to
a double bond. Vinyl protons are deshielded by the double bond and generally appear at chemi-
cal shifts between 4.5 and 6 ppm. The spin—spin coupling of vinyl protons is complicated
because they are generally not chemically equivalent due to the lack of free rotation about
the double bond. Allylic protons are those located on carbon atoms adjacent to the double
bond; these are slightly deshielded by the double bond and appear between 1.2 and
2.5 ppm. The presence of the double bond allows long-range coupling, so the allylic protons
may couple to the protons on the far end of the double bond as well as to the adjacent
protons. Figure 3.30 shows the spectrum of 1-octene, CH3(CH,)sCH=CH, or CgH;¢. The
structure of 1-octene is shown on the spectrum. Note the shift of the allylic protons (the “c”
protons) to 2 ppm by deshielding from the double bond and the strong deshielding of the
vinyl protons, “d, e, and f”. All three vinyl protons are nonequivalent, resulting in the
complex splitting pattern observed in the 4.9-5.8 ppm region. The terminal methyl group
peak is a triplet, but the methylene groups in the middle of the chain overlap to give the
broad peak from 1.0 to 1.5 ppm. The relative peak areas, from left to right, should be 1:2:2:8:3.
An alkyne with a triple bond at the end of a chain is called a terminal alkyne and the
hydrogen atom at the end of the triple bond is referred to as an acetylenic hydrogen. This term-
inal proton is shielded by the anisotropy of the triple bond 7 electrons, as was shown in Fig. 3.8,
and so absorbs at about 1.8 ppm. The protons on the carbon next to the triple bond are affected
in the same way as allylic protons in alkenes and absorb in the same chemical shift range.

3.6.3.2. Aromatic Compounds

The proton absorbances used to identify aromatic compounds are the protons on the
aromatic ring itself, the ring protons, and the protons on the carbon atoms adjacent to
the ring. The latter are called benzylic protons. Protons attached directly to an aromatic
ring are highly deshielded by the 7 electrons, as shown in Fig. 3.8. Ring protons therefore
absorb between 6.5 and 8.0 ppm. There are few other protons that absorb in this region, so
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Figure 3.30 Spectra for 1-octene. The chemical shift of the terminal protons on the C=C bond is
between 5 and 6 ppm, and the two protons are not equivalent because the double bond does not permit
rotation of these protons. (Reprinted with permission of Aldrich Chemical Co., Inc. with the structure
and chemical shift information added by the authors.)

an absorbance in this region is characteristic of aromatic compounds. The spectrum of
toluene, Fig. 3.4(a) shows this characteristic absorbance; the ring protons give rise to
the signal at 7.2 ppm. This peak shows a complex splitting pattern, because the ring
protons are not equivalent; they are ortho, meta, and para to the substituent. The splitting
pattern and J values can identify the number and position of substituents on the ring. A few
examples will be shown but not discussed in detail. The patterns are second order and the
details are beyond the scope of this text, but the interested student can consult the texts by
Silverstein and Webster, Pavia et al., or Lambert et al. listed in the bibliography. One
typical pattern is seen in Fig. 3.31, the proton spectrum of 1,2-dichlorobenzene, an
ortho-disubstituted ring. The molecule contains a plane of symmetry, so that there are
two sets of equivalent protons on the ring, as shown:

Cl Cl

He) () Hey

Hy| Hp

Plane
Of Symmetry
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Figure 3.31 The 300 MHz proton spectrum of 1,2-dichlorobenzene. The only absorbance seen is
due to the aromatic ring protons. The plane of symmetry in this molecule results in the characteristic
“four line” splitting pattern in the aromatic ring signal. The '*C spectrum is included. (Reprinted with
permission of Aldrich Chemical Co., Inc.)

This results in a characteristic pattern of four lines in the aromatic region, as seen in
Fig. 3.31. The same four-line splitting pattern would be expected for para-disubstituted
aromatic compounds, such as 1-bromo-4-chlorobenzene, because such a molecule has a
similar plane of symmetry as shown:

Hp) Hg

Cl ﬂ Br Plane
\U / Of Symmetry

I'I(b) H(a)

If both para substituents were the same, as in 1,4-dichlorobenzene, all four protons
would be equivalent and a singlet peak would be seen.

The benzylic protons on carbon atoms adjacent to an aromatic ring are also
deshielded by the ring but to a lesser extent than the ring protons. The characteristic absor-
bance values for benzylic protons are in the 2.2—2.8 ppm range. An example is ethylben-
zene, CcHs—CH,—CHj;, whose spectrum is shown in Fig. 3.32. The compound is a
monosubstituted aromatic ring, so the ring protons at 7.2 ppm show the same complex
splitting pattern we saw in toluene. The benzylic protons are the methylene protons, on
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Figure 3.32 The spectra of ethylbenzene, showing the characteristic aromatic ring and benzylic
proton absorbances typical of alkyl-substituted aromatic compounds. (Reprinted with permission of
Aldrich Chemical Co., Inc.)

the carbon attached to the ring. The quartet appears at ~2.6 ppm as expected. The methyl
triplet is the peak at 1.2 ppm.

3.6.3.3. Oxygen-Containing Organic Compounds

Alcohols are organic compounds containing a hydroxyl group, —OH, attached to a carbon
atom. As we have discussed and already seen in Figs. 3.18, 3.22, and 3.23, the chemical
shift of the hydroxyl proton depends on variables such as temperature, solvent, and con-
centration. The range of chemical shifts covers 0.5-5.0 ppm for aliphatic alcohols. The
hydroxyl proton on an —OH group attached to an aromatic ring is deshielded by the
ring, as can be seen in the spectrum of phenol, CsHsOH (Fig. 3.33). Any other protons
on the carbon to which the hydroxyl group is attached, —CH,OH, shown in bold type,
are shifted due to the electronegative oxygen atom. These protons absorb between 3.1
and 3.8 ppm. In Fig. 3.23, for example, we see these protons located at a chemical shift
of ~3.6 ppm. Exchange of the hydroxyl proton is usually rapid enough that no splitting
is observed between the hydroxyl protgn and the other protons on the same carbon.

I
Aldehydes have a terminal —C—H group. We have discussed the spectrum

of butanal, shown in Fig. 3.12(b) and (c). The aldehydic proton occurs at
~9.0—10 ppm. Hydrogens on the carbon adjacent to the C=O group are deshielded
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Figure 3.33 The spectra of phenol, CsHs—OH, an aromatic alcohol. The hydroxyl proton is
deshielded by the aromatic ring and appears at a chemical shift of 5.6 ppm. (Reprinted with
permission of Aldrich Chemical Co., Inc.)

slightly, and occur at about 2—2.5 ppm. Ketones contain a nonterminal —C=0 group, so
a ketone is represented by RCH,,,—C=0.

\

RV

The protons on the carbon adjacent to the C=O group, shown in bold, are in the
same environment as those in an aldehyde. If you replace the R’ with H, you have the
formula for an aldehyde. Therefore, the protons shown in bold type also absorb at
about 2-2.5 ppm due to slight deshielding by the C=0. The spectrum of cyclohexanone,
CgH (0O, is presented in Fig. 3.34. The four equivalent protons on the two carbon atoms
adjacent to the carbonyl group appear at 2.4 ppm.
O

I
Carboxylic acids contain the functional group —COH, also written —COOH. The

acidic proton, the one on the —COOH group, is strongly deshielded and absorbs at 10—
13 ppm. A peak in this position is a good indication of a carboxylic acid. As is the case
for ketones and aldehydes, the protons on the carbon atom adjacent to the —COOH
group are slightly deshielded and absorb in the 2.1-2.5 pm range. A simple example
is acetic acid, CH3;COOH, whose spectrum is given in Fig. 3.35. The acid proton
occurs at about 11.8 ppm, while the methyl protons, adjacent to the COOH group,
appear at 2.1 ppm. Figure 3.36 is the 90 MHz spectrum of benzoic acid, showing the
structure and assignments. The complex splitting pattern for a monosubstituted
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Figure 3.34 The spectra of cyclohexanone. The only characteristic absorbance for ketones in the
proton NMR spectrum is that of the protons adjacent to the carbonyl group, which are shifted to
2.4 ppm by slight deshielding. (Reprinted with permission of Aldrich Chemical Co., Inc.)

benzene ring is clearly seen in this spectrum. The ortho protons are more deshielded than
either the meta or para protons; this is typical when a carbonyl group is bonded to the
ring, and is seen in benzaldehyde, nitrobenzene, and similar compounds.

3.6.3.4. Nitrogen-Containing Organic Compounds

Proton NMR spectra of compounds such as amines, RNH,, and amides, RCONH,, which
have protons bonded to the nitrogen atom, are complicated by several factors. The protons
on nitrogen in these compounds, like the hydroxyl proton in alcohols, exhibit a very vari-
able chemical shift. These protons can hydrogen-bond, so the chemical shift depends on
temperature, solvent, and concentration. The N nucleus is a spin = 1 nucleus, so in
theory, a proton on a nitrogen atom should be split into 2(1) 4+ 1 = 3 peaks. Similarly, a
proton on a carbon atom adjacent to a nitrogen atom should be split into 3 peaks. This
is usually not seen for two reasons. Protons on electronegative nitrogen can undergo
exchange (just like alcohols) and the rate of exchange will determine if the proton is
coupled to the nitrogen. In aliphatic amines and amides, the exchange rate is fast
enough that no splitting is seen. In addition, nitrogen has an electrical quadrupole
moment. This quadrupole moment interacts in such a way as to broaden NH peaks, result-
ing in no observed splitting. The N—H peak in amines can vary in chemical shift from 0.5
to 4.00 ppm, that in amides from 5 to 9 ppm. The peaks can be sharp singlets or weak
broadened signals. Coupling between N—H, N—CH, and —HC—NH— is usually not
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Figure 3.35 The spectra of acetic acid. The acid proton absorbance at 11.8 ppm is characteristic of
carboxylic acids. (Reprinted with permission of Aldrich Chemical Co., Inc.)

seen because of proton exchange and quadrupole interaction. The protons on the carbon
atom adjacent to the nitrogen atom in amines are shifted to 2.3—3 ppm; the protons on
the carbon atom adjacent to the amide group are shifted into the 2-2.5 ppm region,
which is the same region where protons adjacent to a C=O0 absorb.

The chemical shift position of the proton on nitrogen in amines is not a good diag-
nostic tool because of its variability. In general, the peak due to the amine proton will be a
sharp singlet in aliphatic amines because of fast proton exchange. A typical aliphatic
amine spectrum is that of butylamine, CH3(CH,), CH,NH,, Fig. 3.37, with the structure
and peak assignments shown. The amine proton peak is peak d, the sharp singlet at
1.1 ppm. The relative peak areas from the step heights are, from left to right, 2:4:1:3.
This is a good spectrum on which to practice the manual step height measurement tech-
nique, as was suggested earlier. The proton spectrum of propionamide, CH;CH,CONH,,
is shown in Fig. 3.45 and should be looked at. There are two very small broad peaks
located at 6.3 and 6.6 ppm. These are due to the two protons on the nitrogen atom; the
peaks are broad and therefore of low intensity due to the nitrogen quadrupole interaction.
But the fact that there are two peaks means that these protons are not equivalent. But the
formula for the molecule seems to show that the two protons on the nitrogen atom are
chemically the same. We need to think back to general chemistry and Lewis structures.
The two protons are not equivalent, because the nitrogen atom has an unshared pair of
electrons on it. The unshared pair of electrons on nitrogen interacts with the unshared
pairs of electrons on the oxygen. The interaction restricts rotation about the C—N
bond, making the two protons on nitrogen nonequivalent; this results in two separate
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Figure 3.36 The 90 MHz proton spectrum of benzoic acid. (Courtesy of National Institute of
Industrial Science and Technology, Japan, SDBSWeb:http://www.aist.go.jp/RIOBD/SDBS.
Accessed 11/5/02.)

peaks. The observation of these two peaks is typical of primary amides, that is, amides
with an —NH, group.

Compounds containing a nitro group, —NO,, have a characteristic shift for the
protons on the carbon atom adjacent to the nitro group. These protons absorb between 4
and 4.5 ppm, as seen in the spectrum of nitropropane, CH;CH,CH,NO,, Fig. 3.38. The
methylene group next to the nitro group gives the triplet peak at 4.3 ppm.

3.6.4. '3C NMR

All nuclei with an odd mass number have a fractional (1/2, 3/2, etc.) spin number. Also,
all nuclei with an even mass number and an odd atomic number have a unit (1,2, 3, etc.)
spin number. In fact, only those nuclei with an even mass and an even atomic weight have
a zero spin number and therefore give no NMR signal. Unfortunately, this includes '*C
and '®°0O—two important nuclei in organic chemistry. Carbon is the underlying “backbone”
of organic molecules and knowledge of carbon atom locations in molecules is crucial to
structural determination.

However, it can be readily seen that essentially all other elements have at least one
isotope that can be examined by NMR. Examples were given in Table 3.1 and some
additional isotopes are listed in Table 3.5, together with their sensitivity by NMR com-
pared to the proton.

There has been great incentive to develop '>*C NMR because carbon is the central
element in organic chemistry and biochemistry. However, useful applications were not
forthcoming until the 1970s because of the difficulties in developing instrumentation.
Two major problems were involved. First, the '*C signal was very weak because the
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Figure 3.37 The spectra of butylamine. The amine protons give rise to the sharp singlet at
1.1 ppm. The adjacent methylene protons are shifted to about 2.7 ppm by the electronegative nitro-
gen, while the other alkyl methylene and methyl protons appear at their usual chemical shift pos-
itions. (Reprinted with permission of Aldrich Chemical Co., Inc., modified by addition of the
structure and peak identification.)

natural abundance of '*C is low, only 1.1% of the total carbon present in a sample. Also,
the ratio y and the sensitivity are low compared to that for "H. The net result was a
carbon NMR signal only 0.0002 as intense as a comparative 'H signal. Second, the chemi-
cal shift range was up to 200 ppm using TMS as a standard. This increased range pre-
cluded a simple “add on” to the '"H NMR instruments already commercially available.
However, the incentive to develop such sensitive instruments was great. The introduction
of FTNMR, which allowed the excitation of all 13C nuclei simultaneously, made B¢
readily determinable by NMR. '*C NMR is now a routine technique, providing important
structural information about the carbon backbone of organic molecules.

There are several advantages to obtaining '*C NMR spectra for structural identifi-
cation of organic molecules. First, the wide range over which chemical shift occurs,
200 ppm for carbon compared with only 10 ppm for protons, greatly diminishes overlap
between carbons in different chemical environments. The spectra are less crowded and
a peak is usually seen for each unique carbon nucleus. Second, adjacent '*C atoms do
not induce spin—spin splitting, and the probability of two '>C atoms being adjacent to
each other is very low. Therefore spin—spin coupling between '*C nuclei is not seen
and the spectra are much simpler than proton spectra. '>C NMR spectra are included
with all of the Aldrich proton NMR spectra examples we have used. Some of these
carbon NMR spectra will be discussed in detail.
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Figure 3.38 The spectra of nitropropane. (Reprinted with permission of Aldrich Chemical Co., Inc.)

Coupling between 13C and "H nuclei does occur, but there are techniques available to
decouple these nuclei. Consequently, the '*C NMR spectra are very simple, with a singlet
seen for each chemically distinct carbon atom. This facilitates interpretation of the
spectra. And, as we will see later, comparison of '*C and 'H spectra lead to data that can
be interpreted with a high degree of confidence, thereby elucidating the structure of even

Table 3.5 Natural Abundance, Spin, and Sensitivity of
Selected NMR-Active Nuclei

Natural Sensitivity
Nucleus abundance (%) Spin relative to 'H
'H 99.98 1/2 1.0
"Li 92.6 3/2 0.3
B¢ 1.1 1/2 0.0002
N 99.6 1 0.001
70 0.037 5/2 0.03
3 100 1/2 0.83
Na 15.9 3/2 0.09
Mg 10.1 5/2 0.003
Z7Al 15.6 5/2 0.206
2si 47 1/2 0.008
3lp 243 1/2 0.07

s 0.8 3/2 0.002
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very complicated molecules. Coupling also occurs between '*C and D, which can be seen
when deuterated solvents are used. Look at the '*C spectra in Figs. 3.35 and 3.37, for
example. Both spectra were acquired in CDCl;. The triplet at 77 ppm is due to the
natural '*C in the solvent split by the D nucleus. In fact, the signal from the deuterated
solvent, such as CDCls, is often used as the frequency-lock for the NMR. Since D is an
I = 1 nucleus, the signal from the single C atom is split into a triplet by the single deuterium
nucleus, not a doublet, because 2/+ 1 =[2 x 1)+ 1] = 3.

The chemical shift of a '>C nucleus is determined by its chemical environment
(electronegativity and anisotropy) as for protons, but in a more complex manner. Chemical
shifts for some '*C functional groups are shown in Fig. 3.39. More detailed chemical shift
tables can be found in the references on spectral interpretation listed in the bibliography.

3.6.4.1. Heteronuclear Decoupling

Coupling between '>C and 'H occurs and results in complex spectra with overlapping
multiplets, but in practice, it is eliminated by broad band decoupling. The sample is irra-
diated with a wide RF frequency range to decouple all the protons at once. Each chemi-
cally different carbon atom should then give a single NMR resonance peak. Figure 3.40
shows the '*C NMR spectrum of sucrose before proton decoupling (top) and after
proton decoupling (bottom). As can be seen in the bottom spectrum, each of the 12
carbon atoms in sucrose gives rise to a single discrete absorption peak in the spectrum.
Two of the resonances are fairly close (the ones at ~26.5 ppm) but they can be distin-
guished. The structure of sucrose is given in Fig. 3.24; you should confirm for yourself
that each carbon atom is chemically nonequivalent.

3.6.4.2. The Nuclear Overhauser Effect

When broad band decoupling is used to simply the '*C spectrum, it is noted that peak areas
increase more than is expected from elimination of the peak splitting. This is the NOE.
Direct dipolar coupling between a saturated nucleus and an unsaturated nucleus results

s —C -0
e CH—0
R - CH, - O
. CH; — O
m— N
—CH - N
—— CH; - N
—— N
N = C — Hal
RN " CH — Hal
— CHy — Hal I——

W C = O quinone RN CH; — Hal
N C —— O ketone R C — C aromatic _;C—Cé
C = 0 acid Mu— IEM—— C — C atkene BRSNS T CH — C <
R — CH,— ¢ <
aldehyde -
C=(OWEEN C— OB ester, amide - C=N - C=C— PR CH; — C T
L t I 1 ! | 1 1 { | 1 i)
200 160 120 80 40 [4]

Figure 3.39 Chemical shifts for '>C using TMS as the 0.0 ppm reference. The abbreviation Hal
stands for halogen, (i.e., Cl, Br, or I.)
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Figure 3.40 Heteronuclear decoupling of the 75 MHz '*C spectrum of sucrose. The fully coupled
spectrum is at the top. The bottom spectrum is the broadband 'H decoupled spectrum. The structure
of sucrose was given in Fig. 3.25. The molecule contains 12 nonequivalent carbon atoms; the
decoupled spectrum clearly shows 12 single peaks, one for each nonequivalent C atom. (From
Petersheim, used with permission.)

in a change in the ground state population of the unsaturated nucleus. This change in
ground state population is a result of quantum transitions resulting in cross-relaxation
between the nuclei; a transition in one nucleus induces a transition in the second
nucleus. In *C NMR, the result of the NOE is that the signal for the low abundance
3C nucleus is increased dramatically on proton decoupling. Under ideal conditions, the
NOE can double the *C peak intensity; this decreases the time needed to collect a spec-
trum by a factor of 4. The maximum NOE between two isotopes can be expressed as:

Yobs

Ysat

NOE = +1 (3.18)

where y,ps 1S the magnetogyric ratio for the nucleus being measured and s, is the mag-
netogyric ratio for the nucleus being saturated.

The major disadvantage of the NOE is that the relationship between peak area and
number of carbon atoms giving rise to the peak is lost. An example of this is seen in
Fig. 3.41, where the peaks for the protonated aromatic carbons (peaks 2 and 3) are
more than twice the height of the peaks for the unprotonated aromatic carbons (peaks 1
and 4), even though each peak is due to a single carbon atom. The NOE can be eliminated
experimentally, which must be done if quantitative analyses of the carbon spectral data is
required. The method is discussed in Section 3.6.6. The NOE is also seen in homonuclear
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Figure 3.41 (a) 'H and (b) '>C NMR spectra of poly(1,4-phenylene ether sulfone) in deuterated
dimethylsulfoxide, DMSO-dg. Spectrum (b) shows the NOE that occurs on proton decoupling of the
13C spectrum. The peaks for the protonated carbon atoms 2 and 3 are enhanced by the NOE over the
signals from the nonprotonated carbon atoms 1 and 4. The peak in the proton spectrum at 3.3 ppm is
due to water in the solvent; the peak at 40 ppm in the 3¢ spectrum is due to the natural 13C in the
solvent. (From Williams, used with permission.)

spin decoupling and can be used to determine the distances between nuclei, providing
more structural information about a molecule.

3.6.4.3. °C NMR Spectra of Solids

Solid samples present a number of problems in '>C NMR. Line broadening arises from
chemical shift anisotropy, because of the many orientations the different carbon atoms
have in a solid sample relative to the applied magnetic field. The chemical shift anisotropy
can be eliminated by MAS at rotation frequencies ~5—15 kHz around an axis forming an
angle of 54.76° (the magic angle) with the applied magnetic field. This technique increases
the resolution observed in the spectrum for a solid by averaging the chemical shift
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anisotropies to their isotropic values. Figure 3.5 shows how dramatically the use of MAS
reduces line broadening in a solid sample spectrum. Line broadening also occurs as a result
of interaction between '*C and 'H; decoupling of the dipolar interaction in a manner
similar to spin decoupling also reduces the linewidth.

The spin—lattice relaxation time for '*C in solids is very long (several minutes). Since
the nuclei have to relax before another excitation pulse can be sent, this requires hours of
instrument time in order to collect a spectrum of reasonable intensity. A pulse technique
called cross-polarization can be used to reduce this effect by having the protons interact
with the carbon nuclei, causing them to relax more rapidly. FTNMR systems for solid
samples include the hardware and software to produce narrow line spectra from solid
samples in a reasonable amount of time using high-power dipolar decoupling, MAS, and
cross-polarization.

3.6.4.4. Interpretation of ">C Spectra

A few examples of interpretation of '*C spectra will be discussed. Figure 3.39 provides the
chemical shift information for a variety of organic compounds and should be used to follow
the discussion. Remember that you need to look at the carbon atoms in the structures, not the
protons. From Fig. 3.39, we can see that alkane carbons are found between 0 and 75 ppm,
aromatic and alkene carbons in the 100—160 ppm region, and the carbon of a carboxylic acid
C=0 group in a very narrow region between 170 and 180 ppm, for example.

Looking at the '*C spectrum of acetic acid (at the top of Fig. 3.35), there are two
single peaks, one at 21 ppm and one at 178 ppm. The small triplet at 77 ppm is due to
the CDCl; solvent. The structure of acetic acid is CH;COOH; it has two distinct carbon
atoms, one alkyl carbon and one carboxylic acid carbon. From Fig. 3.39, the peak at
178 ppm is due to the acid carbon and the peak at 21 ppm is due to the CHj3 carbon.
The peak for the alkyl carbon is much higher than the acid carbon peak. Proton decoupling
has enhanced the protonated methyl carbon signal, while the intensity of the unprotonated
acid carbon is not changed. The relative size of the peaks cannot be used to estimate the
number of carbons because of the NOE.

The "*C spectrum of benzene, C¢Hg, is given in Fig. 3.42. All six carbon atoms are
chemically equivalent, so the spectrum consists of a single peak at 128 ppm, in the aro-
matic carbon region. Figure 3.43 shows the spectrum of cyclohexanol, C¢H;;OH, a
cyclic aliphatic alcohol. There are six carbon atoms in the ring but they are not all equiv-
alent. The structure and assignments are shown on the spectrum. The carbon to which the
hydroxyl group is attached is unique, and gives the deshielded peak at 70 ppm. The carbon
at the opposite end of the ring from the hydroxyl is also unique; it gives the peak at
25 ppm. There are two equivalent “b” carbons and two equivalent “d” carbons due to
the symmetry of the molecule. The solvent triplet at 77 ppm is seen.

Monosubstituted benzene rings have the same pattern of symmetry as does
cyclohexanol; the ortho carbons are equivalent, the meta carbons are equivalent, while
the substituted carbon and the para carbon are each unique. Therefore, a monosubstituted
benzene ring should show four carbon peaks in the aromatic region. Benzaldehyde,
CeHsCHO, is an example of this pattern. The '*C spectrum of benzaldehyde in Fig. 3.44
shows the expected four peaks in the aromatic region between 130 and 140 ppm. The
smallest of the four peaks is the substituted carbon, the next largest is the para carbon,
and the two tallest peaks are from the ortho and meta carbons. Although the NOE does
not permit exact area/number of nuclei calculations, the height of a peak is still a function
of the number of nuclei and the number of protons on the carbon. All else being equal, a
single unprotonated carbon will give a smaller peak than a peak from multiple carbon
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Figure 3.42 NMR spectra of benzene, C¢Hg. The six carbon atoms are equivalent, resulting in a
single peak in the '>C spectrum in the aromatic region at 128 ppm. The six protons are also equiv-
alent, resulting in a single peak in the proton spectrum. (Reprinted with permission of Aldrich
Chemical Co., Inc.)

nuclei bearing multiple protons. There is an additional signal in the spectrum from the
carbon in the aldehyde group. From Fig. 3.39, we would expect to find the aldehydic
carbon in the 190-210 ppm range; it appears in this spectrum at 192 ppm.

Figure 3.45 shows the NMR spectra for an amide, a class of compounds with —NH,
substituted for the hydroxyl group of a carboxylic acid. The compound here is propiona-
mide, CH3CH,CONH,. There are three unique carbon atoms, the carbonyl carbon in the
amide and two alkyl carbons. From Fig. 3.39, the carbonyl carbon in an amide is expected
to absorb in the 165—175 ppm range; the peak occurs at 177 ppm in this spectrum. The
methyl carbon is located at 10 ppm, while the methylene carbon appears at 29 ppm.
The proton spectrum was discussed earlier, but it is worth noting again the two small
broad peaks due to the nonequivalent amide protons at 6.3 and 6.6 ppm.

The student is encouraged to look at the '*C spectra presented in the earlier figures in
the chapter and try to work through the number and assignment of the peaks using Fig. 3.39
as a guide.

3.6.5. 2D NMR

High-resolution NMR spectra of organic compounds can be complex, with overlapping
resonances and overlapping spin—spin couplings. The use of 2D NMR experiments and
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Figure 3.43 NMR spectra of cyclohexanol, C¢H;;OH. (Reprinted with permission of Aldrich
Chemical Co., Inc., modified by addition of the structure and peak identification by the authors.)

even 3D and 4D experiments extends the information obtained into a second (or third or
fourth) frequency dimension. The spectrum becomes easier to interpret and much more
structural information is usually provided. 2D and higher dimension experiments rely
on the selective manipulation of specific nuclear spins, followed by interaction between
nuclear spins. A series of such experiments can provide the entire molecular structure
including the stereochemistry of the molecule.

A 2D experiment generally consists of the following: a pulse, followed by a time
interval #;, then a second pulse, followed by a time interval #,. The first time interval ¢, is
called the evolution period; 7, is the acquisition period. It is during the evolution period
that nuclear spins interact. A nucleus detected during the acquisition period has been fre-
quency modulated by the nuclei it has interacted with during #,. By varying the evolution
period, #;, in increments, and collecting the resulting FIDs, two frequencies are generated
from a double Fourier transformation of the data. It is common to collect 1024 or more
FIDs. Each one is Fourier transformed to give a frequency axis v, obtained from f,; a
second FT is performed at right angles to the first one, resulting in a frequency axis v,
related to t;. One frequency axis is the nucleus detected during the acquisition period; the
other axis can be the same nucleus (a homonuclear experiment such as COSY) or a different
nucleus (a heteronuclear experiment such as HETCOR). The data are plotted as frequency
vs. frequency, usually presented as a contour plot.

For example, a homonuclear COSY experiment (see Table 3.4) is used to map the
proton—proton J coupling in a molecule. Consider a simple system in which two
protons are coupled to each other, CH—CH. The basic pulse sequence for a 2D
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Figure 3.44 NMR spectra of benzaldehyde, showing the typical pattern of a monosubstituted
benzene ring in the '>C spectrum and the characteristic signal from an aldehydic carbon. (Reprinted
with permission of Aldrich Chemical Co., Inc.)

COSY experiment consists of a relaxation or preparation period to establish spin
equilibrium. A 90° pulse is applied and the spins precess at their characteristic frequencies
during the evolution period, #;. After the evolution period, a second 90° pulse, called the
mixing pulse, is applied. This second pulse causes exchange of magnetization between
J-coupled spins. The normal 1D proton spectrum is plotted on both the x-axis and the
y-axis. For the simple system we are considering, the spectrum would show two doublets,
one centered at a chemical shift of 04 for proton A and one centered at a chemical shift of
o, for proton X. The plot is shown schematically in Fig. 3.46. If the magnetization under-
goes identical modulation during #, and #,, the resulting frequencies will be the same. A
plot of vy vs. v,, where the two frequencies are identical, results in a point along the diag-
onal of the x—y graph. The contour peaks (points in the schematic diagram) that appear
along the diagonal are the resonances in the “normal” spectrum and provide no additional
information. The four points labeled 1—4 on the diagonal are just the frequencies of the
four peaks (i.e., the two doublets) in the 1D NMR spectrum. Peaks 5—8 are called auto-
correlation peaks and will not be discussed. What we are interested in are those results
where the magnetization exhibits one frequency during #; and a different frequency
during 1,, that is, peaks that have been frequency-modulated by interaction. In this case,
peaks appear off the diagonal in the x—y plot; such peaks are called cross-correlation
peaks, or cross-peaks. It is the cross-peaks that provide the additional information we
are looking for. In the homonuclear COSY experiment, the cross-peaks tell us which
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Figure 3.45 NMR spectra of propionamide, CH;CH,CONH,. (Reprinted with permission of
Aldrich Chemical Co., Inc.)

protons are coupled to each other. For this simple example, magnetization exchange
results in eight peaks that appear as symmetric pairs off the diagonal. We can draw a con-
nection between the two diagonal peaks from A and X and the symmetric pair of off-
diagonal peaks, as shown in Fig. 3.47, proving that protons A and X are coupled. Any
pair of diagonal peaks that can be connected through symmetric pairs of off-diagonal
peaks are spin-coupled; in this way, the coupling throughout a complex spectrum can
be traced. As shown on the figure, the fine structure or spacing between the peaks gives
us Jax. A COSY spectrum usually looks more like the simulated example presented in
Fig. 3.48(a), where the peaks are represented as contour plots. In this simulated
example, there are 6 protons shown along the diagonal. The connecting lines in
Fig. 3.48(b) indicate that protons 1 and 2 are spin-coupled, protons 3 and 4 are spin-
coupled, but protons 5 and 6 are not spin-coupled to any other protons. It is this type of
information that helps to deduce the structure of an unknown; for this molecule,
protons 5 and 6 cannot be adjacent to methyl, methylene, or methine protons, for
example. The COSY spectrum of sucrose is shown in Fig. 3.49. The connecting lines in
Fig. 3.49(b) confirm the couplings worked out earlier in the decoupling experiment
(Fig. 3.25). COSY spectra for large molecules can be complex and difficult to interpret.
Figure 3.50 shows just a small portion of the proton NMR spectrum (from 3.8 to 5.4 ppm)
and the related COSY plot of a large glucopyranoside molecule.

Another popular 2D experiment is the HETCOR experiment, which identifies which
protons are directly bonded to which '*C nuclei. HETCOR stands for heteronuclear
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Figure 3.46 A simulated AX proton—proton COSY plot. (Modified from Bruch, used with per-
mission.)

chemical shift correlation. The '*C spectrum is plotted on one axis and the 'H spectrum on
the other axis. The HETCOR spectrum shows spots of intensity. If a straight line drawn
from a carbon signal and a straight line drawn from a proton signal intersect at a spot
on the HETCOR plot, the protons are attached to that carbon. The results of a 2D
HETCOR experiment for sucrose is shown in Fig. 3.51. The glucose ring nuclei are
marked with a G and the fructose ring nuclei with an F on both spectra; the structure of
sucrose was given in Fig. 3.25. Look at the peak in the carbon spectrum marked G1 at
93 ppm. By drawing a vertical line from G1 in the carbon spectrum, we reach an intensity
spot in the lower left hand portion of the HETCOR plot. A straight horizontal line from
that point to the proton spectrum indicates that the proton(s) that absorb at 5.4 ppm are
bonded to the G1 carbon. A vertical line from the F2 carbon does not intersect any
spots; therefore the F2 carbon has no protons bonded to it. You should be able to identify
the F2 carbon in the sucrose structure in Fig. 3.25 based on this knowledge.

The INADEQUATE experiment gives us the couplings between '*C nuclei attached
to each other and provides the carbon backbone of a molecule. As was mentioned in
Table 3.4, the sensitivity of this experiment is low because of two factors: the low abun-
dance of '*C and the low probability that two '*C nuclei are bonded to each other.

3.6.6. Qualitative Analyses: Other Applications

NMR spectra can be used to identify unknown compounds through spectral pattern match-
ing. A number of companies, instrument manufacturers, government agencies, and other
sources publish collections of reference spectra in electronic format and in hardcopy.
These spectral databases may contain spectra of more than 200,000 compounds. The
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Figure 3.47 The connection between the cross-peaks and the A and X peaks on the diagonal

proves that A and X are spin-coupled and also provides a measurement of J5x. (Modified from
Bruch, used with permission.)

(a) (b)

Figure 3.48 (a) Simulated '"H-'H COSY plot of an unknown compound. (b) Connecting lines
indicate which protons are spin-coupled to each other. The COSY plot indicates that protons 5

and 6 are not coupled to any other protons. Any postulated structure for the unknown must be con-
sistent with the coupling information from the COSY experiment.
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unknown spectrum or some predetermined number of the strongest absorption bands from
the unknown spectrum may be entered into a computerized search routine, which com-
pares the unknown with stored spectra. It then retrieves all compounds from the database
that may match the unknown spectrum, assigning a “goodness-of-fit” or probability to the
suggested matches. The analyst then identifies the spectrum of the unknown based on
spectral matching and chemical knowledge of the sample to rule out improbable
compounds suggested by the search routine. A short list of reference spectra suppliers
is located at the end of the bibliography. Most large spectral databases are expensive,
but the amount of work required to compile these databases is considerable. Aldrich
Chemical Company (www.sigma-aldrich.com) provides the Aldrich Spectral Library,
which is the source of many of the spectra used in this chapter and Bio-Rad Laboratories

Figure 3.49 COSY profile and contour spectra of sucrose in D,O. Note the strong contour con-
necting the diagonal peak for the proton at 5.41 ppm with the doublet of doublets at 3.55 ppm. In
addition, the triplet at 4.05 ppm has strong off-diagonal contours indicating it is coupled to the
doublet at 4.22 ppm. Compare with Fig. 3.25. (Modified from Petersheim, used with permission.)
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Figure 3.50 A small portion of an actual 2D-COSY spectrum of a glucopyranoside. This is an
expansion of the region from 3.6 to 5.6 ppm. (Modified from Bruch, used with permission.)

(www.bio-rad.com) provides the Sadtler spectra collection. More than 20 vendors market
the NIST spectral database. A comprehensive spectral database, including '°C and 'H
NMR spectra, from the Japanese National Institute of Advanced Industrial Science and
Technology (www.aist.go.jp/RIODB/SDBS) can be searched for no charge as of this
writing.

In addition to identification of unknowns, NMR can be used for conformational and
stereochemical analyses. This includes the determination of tacticity in polymers, that is,
whether the side chains are arranged regularly (isotactic and syndiotactic) or randomly
(atatic) along the polymer backbone. Fundamental studies of bond distances from
dipolar coupling and molecular motion from relaxation time measurements are used by
physical chemists and physical organic chemists. In biology and biochemistry, the use
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Figure 3.51 A 2D-HETCOR experiment. (a) 75 MHz B3¢ spectrum of 1 M sucrose in D,O. (b)
300 MHz 'H spectrum of 1 M sucrose in D,0. In both spectra the labels G and F refer to the
glucose ring and the fructose ring, respectively. Structure of sucrose was given in Fig. 3.25. (c)
The 2D-HETCOR spectrum of sucrose. Carbon F2 has no protons directly bonded to it because
there is no spot of intensity in the HETCOR plot in line with the F2 chemical shift.

of isotope-labeled compounds and NMR can be used to study metabolism and understand
metabolic pathways in living organisms. Chemical reaction rates can be measured and
studied as a function of temperature directly in the NMR spectrometer.

Polymers of many chemical compositions are used to make materials and composites
for use in appliances, electrical equipment, telecommunications equipment and fiber
optics, computers, aircraft, aerospace, automobiles, food and beverage packaging,
potable water delivery systems, and medical devices, to name a few applications. Adequate
knowledge of the polymer structure and its relationship to the performance of these poly-
meric materials is crucial to their successful use. NMR is extremely useful in polymer
characterization. '>C and 'H are the elements most commonly examined, followed by
2981, 19F, 31P, and ’N. NMR can be used to determine the monomer sequence, branching,
and end groups in polymers of many types. For example, Fig. 3.52 shows the °Si NMR
spectrum of a polydimethylsiloxane polymer with trimethylsilyl end groups. Polydi-
methylsiloxanes (PDMS) are a major class of silicone polymers, used in many products
from silicone caulk to shampoo. The NMR spectrum enables the analyst to identify the tri-
methylsilyl end groups (peak A) and the repeat unit of the chain, the dimethyl-substituted
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Figure 3.52 The use of °Si NMR to characterize a silicone polymer. The polymer endgroups can
be identified as trimethylsilyl groups and the measurement of peak areas permits the calculation of
the average degree of polymerization. (From Williams, used with permission.)

SiO unit shown in parentheses, from the chemical shifts. The degree of polymerization
can be determined from the areas of the peaks; the integrations are shown as the stepped
lines on the spectrum, so quantitative information about the polymer is also obtained in
this case.

Polymer composites or fiber-reinforced plastics (FRPs) have a wide range of appli-
cations in the aerospace and automotive industries. In these composite systems, fibers of
carbon or silica are embedded in a polymer matrix to provide desirable physical properties,
such as strength, while maintaining the low mass of a polymer. For example, polymer com-
posite turbine blades are replacing heavier metal alloy blades in jet engines. Organic coupling
agents are used to treat fiber surfaces to improve bonding between the fibers and the polymer
matrix. High-resolution cross-polarization magic angle spinning (CP-MAS) NMR is used to
observe structure, orientation, and interactions of coupling agents bound to surfaces.

Chemists and materials scientists are working to develop new materials with specific
properties such as high strength and high modulus, resistance to temperature extremes,
corrosion resistance, demanding optical or electrical properties, and the like. This requires
detailed knowledge of the composition of the material, orientation of molecules, crystal-
line state, homogeneity, and other parameters. NMR is one tool that can provide much of
the structural information necessary and often in a nondestructive manner. NMR 1is useful
for studying both amorphous and crystalline materials, unlike X-ray diffraction spec-
troscopy, which requires a crystalline sample.

The chemical shift differences between reactants and products permit NMR to be used
to follow the course of a reaction and to choose the optimum reaction conditions. In Fig. 3.53,
the 2°Si NMR spectra show that NMR can follow the process of making 3-SiC, a refractory
ceramic, from polymethylvinylsilane and silicon metal. The NMR spectrum of the product
silicon carbide (top spectrum) is clearly different from the spectrum of the starting mixture
(bottom spectrum). In the bottom spectrum, the resonance at — 18 ppm is due to the organo-
silane; the resonance at —82 ppm is the elemental silicon signal. All reactant and product
signals are well separated in chemical shift, so any unreacted starting material can be
measured in the product and the production process can be optimized.
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Figure 3.53 (Bottom) The *’Si NMR spectrum of polymethylvinylsilane and elemental silicon,
the precursors to silicon carbide, SiC. (Top) Spectrum of the pyrolyzed product, B-SiC. (From
Apple, used with permission.)

Solid-state NMR is proving to be a powerful technique for the study of reactions at
surfaces. For example, NMR has been used in catalysis studies for determining the struc-
ture of chemisorbed molecules and for monitoring changes occurring in those structures as
a function of temperature.

The need to determine the structures of large biological molecules like proteins is
driving a new revolution in NMR. Extremely fast multidimensional NMR and new math-
ematical approaches, such as G-matrix FTNMR, are being developed to rapidly collect
and process 4D and 5D NMR experiments on biological macromolecules. Articles on
these developments can be found in Chemical and Engineering News, December 23,
2002, p.7 and January 27, 2003, p.15.

3.6.7. Quantitative Analyses

Both high and low resolution NMR are used for quantitative analyses of mixtures, quality
control of both incoming raw materials and finished products, determination of percent
purity of pharmaceuticals and chemicals, quantitative determination of fat and water
in vivo in animals, and many other applications.

A significant advantage of NMR is that data can be obtained under experimental
conditions where the area under each resonance is directly proportional to the number
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of nuclei contributing to the signal. No response factors are necessary to obtain quantita-
tive results. A universal reference standard can be used for the analyses of most materials
because the NMR response can be made the same for all components. This is a significant
advantage over other methods of analyses. In cases where proton decoupling is used, such
as in the analyses of polymers and organic compounds containing '*C, *°Si, '°F, and other
spin 1/2 nuclei, the NOE must be eliminated to re-establish the peak area to number of
nuclei relationship. This is done by using gated decoupling (i.e., turning the decoupler
off during the delay between RF pulses). This permits the return of normal equilibrium
populations and results in the peak intensity (area) again relating to the number of
nuclei giving rise to the resonance.

In polymers and ceramics, NMR can be used to determine quantitatively the
amounts of amorphous and crystalline material in a sample. Molecules in amorphous
regions “move” more than molecules in crystalline regions, so the relaxation times of mol-
ecules in these different environments is different. NMR can measure the difference in
relaxation times and relate that to the percent crystallinity of the sample. Whether a
sample is amorphous, crystalline, or a combination of both directly impacts the material’s
physical properties and behavior. It is an important piece of information for materials
scientists, polymer chemists, and engineers to know.

One type of organic compound can be determined quantitatively in the presence of a
different type, such as the percentage of alcohols in alkanes, amines in alcohols, aromatics
and aliphatics in petroleum, olefins in hydrocarbon mixtures, organic halides and organo-
metallic compounds in other organic compounds, or the number of side chains in a hydro-
carbon. The method is not limited in the number of components that can be identified as
long as there is at least one peak in the spectrum that is unique to each component.

NMR can be used to provide determination of chemical purity and quantitative
measurements of impurities in materials. The accuracy and precision of quantitative
NMR measurements are comparable to other instrumental analyses methods. Major com-
ponents can be accurately determined with precisions better than 1% RSD while impuri-
ties in materials may be quantified at 0.1% or lower (Maniara et al.). The most common
nuclei used for quantitative analyses are "H, '*C, and *'P. Quantitative >'P NMR has been
used to determine phospholipids, inorganic phosphorus, and organophosphorus com-
pounds, such as phosphorus-based insecticides (Maniara et al.).

As an example of a simple quantitative analyses, suppose that we have a mixture of
n-octane and l-octene. The structure of n-octane, CgH;g, which contains 18 protons, is
composed of methyl and methylene groups. All atoms are joined by single bonds:

CH;—CH,—CH,—CH,—CH,—CH,—CH,—CHj;
The structure of 1-octene, CgH;6, which contains one terminal C=C bond, is:
CH3_CH2_CH2_CH2_CH2_CH2_CH:CH2

It can be seen that in 1-octene there are two protons on the terminal carbon that are olefinic
in nature. These olefinic protons will absorb at about 5.0 ppm, according to Table 3.3.
Quantitatively, they constitute 2 of 16 protons in l-octene. If we measure the area of the
peaks at 5.0 ppm (call it area A), then the total area in the whole spectrum due to the pre-
sence of 1-octene is equal to area A times 8§:

area due to octene — area A x 8
and

area due to octane = total area — octene area
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Figure 3.54 The 75 MHz '*C NMR spectrum of the aromatic region of a 57 mol% brominated
poly(2,6-dimethyl-1,4-phenylene oxide) polymer. Assignments are shown for peaks used in deter-
mining the degree of bromination. (From Williams et al., used with permission.)

However, one molecule of octene contains 16 protons and one molecule of octane contains
18 protons. Hence, if these compounds were present in equimolar proportions, the ratio of
the relative areas of the NMR absorption curves would be 16:18. A correction must be
made for this difference in the final calculation. The mole ratio of octane to octene in
the mixture would therefore be obtained as

area due to octane/18

area due to octene/16
that is, the mole ratio of octane/octene equals

[total area — (area A x 8)]/18
(area A x 8)/16

Sample calculation: In an actual experiment involving a mixture of octene and octane,
it was found that the total area of all peaks = 52 units. The area of peaks at 5.0 ppm
(area A) = 2 units. From the data and the relationships previously set out, we find that
the area due to octene protons =2 x 8§ = 16 units. The area due to octane protons =
52 — 16 = 36 units.

Ratio of 36/18 2

atio of octane to octene = 16/16 ~ 1

Therefore the mole ratio of octane to octene in this sample is 2:1. Similar calculations can
be made for many other combinations of compounds.

NMR can be used to determine the composition of mixtures, polymers, and other
materials as long as there is at least one peak representing each different component.
For example, the degree of bromination of a brominated polymer can be determined
from the '*C NMR spectrum. The degree of bromination can be calculated from a
direct comparison of the integrated areas labeled g and h in Fig. 3.54 which represent
the unbrominated and brominated aromatic rings or by using peak d to represent the unbro-
minated ring and the sum of peaks e and f to represent the brominated ring.
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The end groups in a polymer are extremely important to the chemical and
mechanical behavior of the polymer, but they are present at only low concentrations com-
pared with the polymer chain repeat units. End groups may be less than 1 mol% of the total
polymer. An example of end group identification in a silicone polymer was given earlier
(Fig. 3.52). In cases where the polymer end groups are hydrocarbons, the less sensitive '*C
spectrum must often be used to identify the end groups because there is less likelihood of
spectral overlap. The proton spectrum, with a chemical shift range of only 10 ppm, often
has the proton signals overlapping and impossible to sort out for the low concentration of
end groups in a large polymer. Under ideal conditions, '*C NMR may be used to determine
end group concentrations as low as 0.01 mol%.

NMR can be used to determine rates of reaction and reaction kinetics. In a chemical
reaction such as

CsHig —— CyHig+Hy
catalyst
one type of proton (paraffinic) is consumed and another type (olefinic) is formed. Samples
of a reacting mixture can be taken at frequent intervals during the reaction, and the rate of
disappearance or formation of the different types of protons can be measured. The results
can be used to calculate the rate of the chemical reaction and the kinetics involved. With a
modern FTNMR, many reactions can be monitored in the probe without the need for phys-
ically taking samples at intervals. Spectra are collected every few seconds, and the rate and
order of the reaction are calculated after the data is processed.

The octane number of gasoline is a measure of the tendency of the gasoline to resist
“knock”. Octane number is determined using a standardized single-cylinder engine. The
method requires the proper test engine, calibration with standard fuels, and then operation
of the test engine with the sample gasoline. It has been shown that octane number can be
determined directly on the liquid gasoline by NMR (Ichikawa et al.). In this procedure,
various types of protons are measured quantitatively and the volume percentages of the com-
ponents calculated. The octane number of the gasoline can be calculated using an empirical
formula. A similar approach using IR spectroscopy (Chapter 4) has also been demonstrated.

In Section 3.5.6, benchtop wide-line NMRs were briefly described. One such instru-
ment, the Bruker Optics Minispec NMR analyzer (www.minispec.com) has been optimized
for the determination of whole body fat, lean tissue, and fluid in live mice. The pulse
sequence and relaxation times distinguish protons in water from protons in fat. These
measurements are critical to pharmaceutical and medical studies of obesity and the devel-
opment of drugs to treat obesity. The mice are restrained but not anesthetized, and placed
in the magnetic field. Although the magnet is low strength, the field penetrates the entire
volume of the mouse. Total body fat, lean tissue, and fluid are measured in less than
2 min. The mice are not harmed during the NMR measurement, which makes this approach
valuable for long-term clinical studies. The same mice can be studied for the entire duration
of the clinical trial. The NMR method is more precise than methods currently in use for these
measurements.

Dedicated benchtop NMR analyzers for a variety of applications are available.
Bruker’s Minispec mq series (www.minispec.com) includes an analyzer to determine
fluoride in toothpaste quantitatively and another to determine water droplet size distri-
bution in oil/water emulsions. Fluoride is often added to toothpaste as sodium fluoride
or sodium monofluorophosphate to prevent tooth decay. The fluorine analyzer can deter-
mine fluorine and hydrogen at the level of a few hundred ppm. Toothpaste is squeezed into
a glass sample tube and the quantitative determination of fluorine takes less than 1 min.
The NMR method uses no solvents or reagents and is independent of the sample color
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and clarity, unlike the colorimetric methods and other instrumental methods such as ion
chromatography that are used for this purpose. In the water droplet size distribution ana-
lyzer, droplets as small as 0.25 pm can be measured. The shelf life and palatability of pro-
ducts such as margarine, mayonnaise, salad dressings, and soft cheese depend on the size
of water droplets in the water—oil emulsion. For example, products with multiple small
droplets are less susceptible to bacterial growth than products with large droplet sizes.
No sample preparation or dilution is required, the method is nondestructive and noninva-
sive and the NMR results agree with conventional methods such as laser light scattering.

Another example of the use of a wide-line NMR for quantitative analyses is in the
measurement of surface coating applied to synthetic fibers and yarns (Rodgers, 1994).
This surface coating is called “finish” and serves to lubricate and control static on the
fibers. The amount of finish applied to fibers can be measured directly on a sample of
nylon fiber by a low resolution (wide-line) pulsed benchtop NMR; in this study a 20 MHz
proton QP20 from Oxford Instruments, Concord, MA, was used. Use of the NMR eliminated
the need for costly and time consuming solvent extraction of the finish and subsequent deter-
mination by IR spectroscopy or gravimetry. The analyses required only 2—4 g of the solid
fibers and the finish could be determined accurately over a range of 0.5-1.5%.

3.7. HYPHENATED NMR TECHNIQUES

Many samples of interest to researchers in biochemistry, pharmaceutical chemistry,
medicinal chemistry, forensic chemistry, and industrial chemistry are not pure compounds.
It is often necessary to go through complex extraction and separation procedures to isolate
the compounds of interest before they can be studied. These separation procedures can be
time consuming and labor intensive. Costly high purity solvents are used, which then
must be disposed of (costing even more money). In the pharmaceutical industry, for
example, combinatorial chemistry approaches are used to synthesize thousands of new
compounds a day. These syntheses do not result in pure products; in fact many products
and unreacted starting materials may be present in the sample to be analyzed. Various
types of instrumental chromatography have been developed to expedite the separation
and detection of compounds in complex mixtures. These techniques are discussed in
detail in Chapters 11-13. One of the most important types of chromatography, especially
for pharmaceutical, biochemical, and clinical chemists, is HPLC, covered in Chapter 13.
HPLC is used for the separation of nonvolatile molecular compounds; there are methods
available to separate compounds with low molecular weights, high molecular weights,
low polarity, high polarity, and everything in between. Detectors for HPLC do not
provide molecular structure or molecular weight, except mass spectrometers (Chp. 13).
We have seen that NMR can provide detailed molecular structure information. It is
possible to join together or “couple” an HPLC instrument with an NMR spectrometer.
The HPLC performs the separation of a complex mixture and the NMR spectrometer
takes a spectrum of each separated component to identify its structure. We now have a
“new” instrument, an HPLC-NMR instrument. We call a coupled instrument like this a
“hyphenated” instrument. The coupling of two instruments to make a new technique
with more capabilities than either instrument alone provides results in a hyphenated tech-
nique or hybrid technique. HPLC-NMR is made possible with a specially designed flow
probe instead of the standard static probe. For example, Bruker Instruments (www.bruker-
biospin.com) has a flow probe for proton and '*C NMR with a cell volume of 120 pL.
Complex mixtures of unknown alkaloids extracted from plants have been separated and
their structures completely characterized by HPLC-NMR using a variety of 2D NMR
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experiments (Bringmann et al.). Only a simple aqueous extraction of the plant leaves, lyo-
philization, and dissolution in D,O was required for injection into the HPLC-NMR,
saving time and resources. HPLC-NMR has been used for the analyses of metabolites in
body fluids; body fluid samples are very complex mixtures and are usually of limited
volume (Lindon et al.).

HPLC-NMR and another hyphenated, more powerful instrument, HPLC-NMR-MS
(the MS stands for mass spectrometry) are used in pharmaceutical research and develop-
ment. These hyphenated techniques identify not only the structures of unknowns, but
with the addition of MS, the molecular weight of unknown compounds. The HPLC-
NMR-MS instrument separates the sample on the HPLC column, takes the NMR spectra
as the separated components flow through the probe and then acquires the mass spectrum
of each separated component to determine the molecular weight and additional structural
information from the mass spectral fragmentation pattern. The MS must be placed after
the NMR, since MS is a destructive technique. MS is covered in Chapters 9 and 10.

3.8. NMR IMAGING AND MRI

NMR is extensively used in imaging solid objects in a nondestructive, noninvasive
manner. The most important application of this imaging is in medicine, where humans
benefit tremendously from the power of NMR imaging. NMR imaging and magnetic
resonance imaging (MRI) are the same technique. The term “nuclear” was dropped
from instrumentation used for medical imaging so that patients would not mistakenly
think this was a procedure that involved radioactive materials or gamma rays (X-rays).
We will use the term MRI for NMR imaging applications in general.

MRI has found valuable applications in medical imaging of the human body. In this
technique, a highly uniform magnetic field is used, but a linear magnetic field gradient is
superimposed in three orthogonal directions using auxiliary coils. 'H nuclei therefore
respond at different frequencies at different physical locations, thus locating the physical
position of the nuclei in three dimensions. By observing the NMR signal from numerous
different angles simultaneously, the physical outline of the various body tissue components
can be revealed. Abnormalities such as fractures or cancerous growths can then be loca-
ted and measured in 3D at high resolution. The magnets used must have a large bore,
large enough to accommodate a human patient lying on a table, or must use an open
magnet design. MRI magnet designs are very different from NMR instrument magnet
designs. Open magnet or short bore designs are used to avoid inducing claustrophobia in
patients undergoing MRI. Field strengths of MRI medical imaging units range from 0.8 to
3 T, much lower than NMRs for chemical analyses. The cost of medical MRI units is extre-
mely high compared with chemical analysis instrumentation; about $1.5 million is typical for
a 1.5 T state-of the-art MRI unit. Figure 3.55(a) and (b) are photographs of two state of the art
medical MRI systems from Toshiba Medical Systems, a high resolution long bore design and
an open magnet (4 pole) design. The Toshiba Medical Systems website at http: //medical.
toshiba.com has numerous MRI images taken with its systems available for viewing.

X-rays have been used extensively for noninvasive medical imaging studies in the
past, but the contrast between different forms of soft tissue is low and therefore abnorm-
alities in soft tissues are hard to visualize using X-rays. Also, X-rays are ionizing radiation
and can cause tissue damage at high exposure levels. In contrast, MRI, also a noninvasive
procedure, has essentially no side effects and can more readily visualize very small
differences in soft tissue. MRI can monitor in vivo concentrations of biologically import-
ant molecules like adenosine triphosphate (ATP) in a noninvasive manner; this permits
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(a) (b)

Figure 3.55 Two commercial medical MRI systems. (a) Female patient being placed in the bore
of the Toshiba EXCELART™ MRI system. (b) The four pole open magnet Toshiba OPART™ MRI
system. (Photos courtesy of Toshiba America Medical Systems; http: //medical.toshiba.com.)

studies of the effect of drugs on metabolism, for example. MRI has proven to be a very
valuable noninvasive medical tool for studying cancer, stroke, epilepsy, heart problems,
arthritis, and many other conditions. Figure 3.56 illustrates the use of MRI to locate a
brain tumor. The image in Fig. 3.56(a) shows the tumor, the gray oval object on the
front left side of the brain behind the eye. The image in Fig. 3.56(b) is of the same
tumor after a “contrast agent” containing gadolinium was given to the patient. The
tumor absorbs more of the contrast agent because of its fast growth and high blood
supply. The Gd ion is paramagnetic and changes the relaxation times of nuclei in its
vicinity resulting in signal enhancement; the tumor now appears bright or “lit up”
against the surrounding tissue. A brief discussion of gadolinium MRI contrast agents
can be found in the reference by Skelly Frame and Uzgiris.

Another example of the use of MRI is seen in Fig. 3.57. This is the image of a frac-
tured hip; the fracture is in the hip bone on the left side of the image and appears as the

Figure 3.56 (a) An unenhanced MRI image of a human brain tumor. The tumor is the gray cir-
cular object on the left side of the brain behind the eye. (b) MRI image of the same tumor after
administration of a gadolinium-containing contrast agent. Note the brightness of the tumor in this
image compared to (a). (Images courtesy of H.T. Alberry, D. Derico, and M. Farrell, Albany
Advanced Imaging, Albany, NY.)
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Figure 3.57 An MRI image of a hip fracture. The fracture in the hip on the left side of the image
shows up as a bright area due to bleeding. The fracture was too small to be detected by conventional
X-ray absorption. (Image courtesy of H.T. Alberry, D. Derico, and M. Farrell, Albany Advanced
Imaging, Albany, NY.)

bright area in the region of the hip bone. Compare the right hip, which appears dark in
this location. The brightness is due to blood in the fractured bone area; this fracture was
too small to see by X-ray absorption. Two MRI views of a pituitary adenoma are shown
in Fig. 3.58. Figure 3.58(a) is a side view of the head; the adenoma is the dark gray circle
in the sinus area, behind the eyes. A view from the top of the head shows the large bright
adenoma centered in front of the brain and behind the eyes. A final example of human
soft tissue imaging is the image of a heart and its blood vessels (Fig. 3.59).

MRI instruments can be equipped to study polar ice and marine organisms in their
salt-water environments, permitting the imaging of new marine species. The references by
Bock and the website of the Alfred-Wegener-Institute for Polar and Marine Research offer
amazing MRI pictures of ice microstructures and marine species in vivo (Www.awi-
bremerhaven.de). A few examples follow. Figures 3.60 and 3.61 are in vivo MRI images

(b)

Figure 3.58 (a) Side view of a pituitary gland adenoma. (b) Top view (slice) of the adenoma.
(Images courtesy of H.T. Alberry, D. Derico, and M. Farrell, Albany Advanced Imaging, Albany, NY.)
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Figure 3.59 MRI image of a heart and associated blood vessels. (Image courtesy of H.T. Alberry,
D. Derico, and M. Farrell, Albany Advanced Imaging, Albany, NY.)

and the NMR spectra of embryos in a pregnant fish. Figure 3.62 shows a stack plot of
phosphorus-containing compounds in a living codfish that undergoes hypoxia (lack of
oxygen). As hypoxia is induced, looking from the back of the plot to the front, the inor-
ganic phosphate signal on the left increases. At the same time, the phosphocreatine
signal decreases. As conditions return to normal, the inorganic phosphate disappears
and the phosphocreatine returns to normal (as did the fish). These are all >'P NMR
spectra. The Bruker BioSpin® website at www.bruker-biospin.com offers a wide variety
of MRI images, including a movie of a beating rat heart with a myocardial infarction
imaged in vivo, an MRI of a living newly discovered saltwater fish and false color
images showing temporal differences in brain activity during an epileptic seizure in a rat.

Figure 3.60 In vivo MR images of a North Sea fish, the eelpout. This fish is pregnant
and embryonic fish are visible inside the uterus. Other tissues are also visible as marked. This fish
was free-swimming in a salt-water filled flow-through chamber. (Courtesy of Dr. Christian Bock,
Alfred-Wegener-Institute for Polar and Marine Research, Bremerhaven, Germany; www.awi-
bremerhaven.de.)
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Lip

Figure 3.61 In vivo localized proton NMR spectrum collected from the same fish embryos seen in
Fig. 3.60. At location A on the image, signals identified in the embryo spectrum include ATP,
glycine (Gly), and creatine (Cr) as well as large signals from lipids (Lip). (Courtesy of Dr. Christian
Bock, Alfred-Wegener-Institute for Polar and Marine Research, Bremerhaven, Germany; www.
awi-bremerhaven.de.)
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Figure 3.62 Stack plot of in vivo *'P NMR spectra from the muscle of a living codfish. Each
spectrum was acquired over 5 min. When hypoxia (hypo) was induced in the fish by decreasing its
oxygen supply, the inorganic phosphate levels (Pi) increased while phosphocreatine (PCr) decreased.
As conditions return to normal, the Pi signal disappears, the PCr signal increases and the fish recovered
its energy. (Courtesy of Dr. Christian Bock, Alfred-Wegener-Institute for Polar and Marine Research,
Bremerhaven, Germany; www.awi-bremerhaven.de.)
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MRI permits the noninvasive imaging of the interior of solid objects. This has been
successfully utilized in the study of extruded polymers and foams and the study of spatial
distributions of porosity in porous materials. The structure of ice in polar ice cores has
been studied as noted above; unlike optical imaging, MRI imaging is nondestructive.
Ice has sufficient mobile protons to be imaged with conventional MRIL.

3.9. LIMITATIONS OF NMR

There are two major limitations to NMR: (1) it is limited to the measurement of nuclei
with magnetic moments and (2) it may be less sensitive than other spectroscopic and chro-
matographic methods of analyses. As we have seen, although most elements have at least
one nucleus that responds in NMR, that nucleus is often of low natural abundance and may
have a small magnetogyric ratio, reducing sensitivity. The proton, 'H, and fluorine, '°F,
are the two most sensitive elements.

Elements in the ionic state do not respond in NMR, but the presence of ions in a
sample contributes to unacceptable line broadening. Paramagnetic contaminants such as
iron and dissolved oxygen also broaden NMR lines. Nuclei with quadrupole moments,
such as ®'Br, broaden the NMR signal. Line broadening in general reduces the NMR
signal and hence the sensitivity.
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SPECTRAL DATABASES

This list is not complete. Many instrument manufacturers offer spectral databases packaged
with their instruments. The publishers listed below offer their databases in both electronic
and hardcopy formats, with CD versions and electronic versions becoming increasingly
popular. The major drawback of the high-resolution databases for the beginner learning
NMR spectral interpretation is the lack of peak expansion and area integrations on the
spectra in many cases. The authors are deeply indebted to Aldrich Chemical Co., Varian
Associates, and AIST for their permission to use their spectra in this chapter.

Aldrich Chemical Company, (www.sigma-aldrich.com), publishes 12,000 high
resolution '*C and proton spectra, in the volumes by Pouchert, C.J.; Behnke, J. The
Aldrich Library of °C and 'H FT-NMR Spectra, 300 MHz, Aldrich Chemical
Company: Milwaukee, WI, 1993. The Aldrich/ACD Library of FTNMR Spectra, Pro
version, is available on CD with 15,000 '*C and 'H 300 MHz spectra.

Bio-Rad Laboratories, Informatics Division, Philadelphia, PA, (www.bio-rad.com)
publishes the Sadtler spectra collections of high resolution proton and '>*C NMR spectra.

National Institute of Advanced Industrial Science and Technology, Tsukuba,
Ibaraki, Japan, publishes a free spectral database system for organic compounds. The
spectra include IR, Raman, NMR, and MS for most compounds. The database may be
accessed at www.aist.go.jp/RIODB/SDBS.

NIST, United States, publishes a comprehensive database of NMR, IR, and MS
spectra. The NIST database is available for sale through 21 commercial distributors,
such as Bio-Rad Laboratories.

The Varian Associates High Resolution NMR Spectra, Volumes 1 and 2, published
in 1962 and 1963, which are the sources of the 60 MHz NMR spectra presented here are no
longer in print.
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SUGGESTED EXPERIMENTS

3.1

32

33

34

35

3.6

3.7

3.8

39

3.10

3.11

(For the instructor) Demonstrate to students in the laboratory the principal
components of an NMR instrument. Indicate the steps taken in tuning the
instrument.

Obtain the NMR spectrum of a straight-chain alkane, such as n-octane.

Identify the methyl and methylene peaks. Note the chemical shift and the

spin—spin splitting. Measure the total area of the methyl and methylene

peaks and correlate this with the number of methyl and methylene protons
in the molecule.

(a) Obtain the NMR spectrum of ethyl alcohol (1) wet and (2) very dry.

(b) Identify the methyl, methylene, and alcohol protons. Note the chemical
shift and spin—spin splitting.

(c) Measure J, the coupling constant, between the methyl and the methylene
protons. Note the effect of water on the alcohol peak. Explain this
phenomenon.

Integrate the peak areas obtained in Experiment 3.3. Measure the ratios of

the areas and the numbers of hydrogen nuclei involved in the molecules.

What is the relationship between the area and the number of hydrogen

nuclei?

Obtain the NMR spectrum of a mixture of toluene and hexane. Integrate the

peak areas of the different parts of the spectrum. From the ratio of the alco-

holic hydrogen to the total hydrogen, calculate the percentage of toluene in
the mixture.

Obtain the NMR spectra of organic halides, olefins, aromatics, and substi-

tuted aromatics. Correlate the peaks with the different types of protons

present.

Identify an unknown compound from its NMR spectrum. The difficulty of the

problem should match the level of competence of the student.

Obtain the NMR spectra of (a) hexane and (b) heptane. Integrate the areas

under the peaks in each spectrum. Would it be possible to distinguish

between these compounds based on their NMR spectra? Compare with IR

spectroscopy when Chapter 4 is covered and with MS (Chapter 10).

Record the NMR spectrum of a sample of cooking oil. Measure the ratio of

hydrogen in unsaturated carbon and that in saturated carbons. Compare the

degrees of unsaturation of various commercial cooking oils.

Repeat Experiment 3.9 using margarine as the sample. First dissolve a known

amount of margarine in CCl, and obtain the NMR spectrum. Compare the

degrees of unsaturation of different brands of margarine.

Obtain the NMR spectra, proton and '*C, for commonly available headache

tablets and pain relievers. Most will dissolve in deuterated chloroform or

acetone. Inert fillers may need to be filtered out of the solution. Read the
labels—some are “pure” compounds such as aspirin, others contain more
than one ingredient. Obtain the spectra of the pure components—acetylsa-
licylic acid, acetaminophen, and caffeine are common ingredients of these
tablets. (The “pure” material can often also be purchased as a commercial
tablet. Just be aware that you may see some impurity peaks if you are not
using reagent grade materials.) Correlate the peaks with the structure of the
compounds. In those tablets with more than one ingredient, note any spectral
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overlaps. Estimate the purity of different commercial brands of aspirin using
your spectra.

3.12 Obtain the proton and '*C spectra of geraniol. Perform the following 2D

experiments: COSY, HETCOR, and INADEQUATE. Using the 2D data,
work out the structure of geraniol.

3.13 Repeat experiment 3.12 with caffeine, acetaminophen, or butyl acetate.

PROBLEMS

3.1

32

33

34

35

3.6

Define the term chemical shift. Why does it occur? How is it measured for

protons? For '*C?

(a) Explain why spin—spin coupling occurs.

(b) A methylene group (CH,) is adjacent to a CH group. Into how many peaks is
the CH, peak split by the adjacent single hydrogen?

What does a J coupling constant tell you? Proton A is coupled to proton B with

Jagp = 9. Proton A is also coupled to proton C with Joc = 2. Draw the

predicted splitting pattern for proton A.

Draw a schematic proton NMR spectrum for each of the following com-

pounds. Indicate chemical shift and peak multiplicity.

(a) n-Butane (b) Tetramethylmethane

}|{ l|<l CH,
.(E_C_H CH,—/C—CH:
H

;'{ én,

i
T
H

T—A—T

Draw a schematic proton NMR spectrum for each of the following com-
pounds. Indicate chemical shift and peak multiplicity.
(a) Benzene (b) Benzaldehyde

HHH
|11 _H
H-C-C—C=C__
!lll H
H
abcd

is 80 units. What will be the area of the peaks caused by (a) the CH, group on
carbon b and (b) the CH group on carbon c?
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3.7
3.8
3.9
3.10
3.11
3.12
3.13

3.14

3.15

3.16

3.17

3.18

3.19

3.20
3.21
3.22
3.23
3.24
3.25
3.26
3.27
3.28

3.29
3.30

3.31

Chapter 3

Draw a schematic block diagram of an FTNMR instrument.

Define magnetogyric ratio.

What is the “magic angle”? Explain why MAS is used to acquire the NMR
spectrum of a solid sample.

Explain why liquid samples are spun in the magnetic field while acquiring an
NMR spectrum.

Aldehydic protons occur at about 9—10 ppm, meaning that they are highly
deshielded compared with other protons. Using Fig. 3.8 as an example,
show why the aldehyde proton is deshielded.

What are the rules for determining the spin number of an element?

Which of the following have a spin number = 0?

12¢, 13¢, 150, 170, 'H, 2H, '°F, 23si, 3°CI, 1% Ag, ®*Mo, ®Zn, *Zn

What is the spin number for (a) 'H and (b) *H? What is the number of
orientations for (a) '"H and (b) Hin a magnetic field (spin number = 2
I+ 1)?

What information does the COSY experiment provide? Explain how you
interpret a COSY plot.

What information does the HETCOR experiment provide? Explain how you
interpret a HETCOR plot.

What information does the INADEQUATE experiment provide? What is
plotted on the x- and y-axes in an INADEQUATE plot? What is the major
limitation of this experiment?

What are the requirements for a standard reference material, such as TMS, in
NMR?

Draw the proton NMR spectrum you would expect for the compound pro-
pylamine, CH;CH,CH,NH,. Include the chemical shifts and spin—spin split-
ting. Explain your rationale.

What would be the spin—spin splitting caused by an NH group on an adjacent
CH group? Why?

What would be the spin—spin splitting caused by an adjacent (i) CHj3, (ii) CH,,
(iii) CF;3, (iv) CF,, (v) CH, (vi) CFH on a CH group?

What are (a) transverse relaxation and (b) longitudinal relaxation?

List the causes of relaxation in NMR.

How does the relaxation time affect linewidth?

What is the nuclear Overhauser effect? What advantages and disadvantages
does the NOE result in for '°C NMR?

What is the chemical exchange rate at the temperature at which multiplicity is
lost?

What is the effect of viscosity on 7;7?

A proton appears at a chemical shift of 7.0 ppm (vs. TMS) in an NMR
spectrometer operated at 60 MHz. What is the resonance frequency of the
proton in Hz?

What is meant by saturation of a nucleus?

Explain why the spectrum of naphthalene, Fig. 3.14, exhibits a “four line”
splitting pattern for the aromatic protons. Do the same for the proton spectrum
of the polymer in Fig. 3.41(a).

In the quantitative analysis example of a mixture of octane and 1-octene
discussed in the text, the terminal olefinic protons that absorbed at 5.0 ppm
were used to quantify the 1-octene. Could you have used any other resonance?
(Look at Table 3.3.) If so, show how the calculation would change from the
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sample calculation in the text. Is there any advantage to one calculation over
the other?

3.32 What are the requirements for solvents used for NMR studies of dissolved
organic compounds?

3.33 If a disubstituted benzene ring has the same two substituents, for example,
dibromobenzene, the number of unique carbon atoms in the ring can be 2,
3, or 4. The '*C NMR spectrum depends on where the bromine atoms are
located on the ring. (a) Draw the three possible dibromobenzene molecules.
(b) Using the dichlorobenzene example in Section 3.6.3, draw a mirror
plane in each of your dibromobenzene molecules. A “mirror plane” is
a plane of symmetry that gives you identical halves of the molecule on
each side of the plane, as was done for dichlorobenzene. Identify how
many unique carbon atoms there are in each dibromobenzene molecule and
predict how many peaks you will see in the '*C NMR spectrum of each
molecule.

Use the proton and '*C spectra provided and the chemical shift tables in the chapter
for Problems 3.34-3.48 and draw a reasonable structure for the compound, given the
formula or molecular weight. All spectra below are reprinted with permission of the
Aldrich Chemical Co. In some cases, the 300 MHz proton spectra have had peak
“expansions” added to clarify the spin—spin splitting. (These “expansions” are actu-
ally 60 MHz signals from the Varian spectral library.) All proton spectra have a
peak for TMS at 0.0 ppm and all '*C spectra have a triplet from the CDCl;
solvent at 77 ppm.
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3.37 Molecular weight = 120.97. The molecular formula contains a halogen atom.
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3.43 Molecular weight = 106.17
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3.45 Molecular weight = 106.17
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3.47 Molecular weight = 84.16. The compound is a hydrocarbon.
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Infrared Spectroscopy

IR radiation was first discovered in 1800 by Sir William Herschel, who used a glass prism
with blackened thermometers as detectors to measure the heating effect of sunlight within
and beyond the boundaries of the visible spectrum. Coblentz laid the groundwork for IR spec-
troscopy with a systematic study of organic and inorganic absorption spectra. Experimental
difficulties were immense; since each point in the spectrum had to be measured separately, it
could take 4 h to record the full spectrum. But from this work came the realization that each
compound had its own unique IR absorption pattern and that certain functional groups
absorbed at about the same wavelength even in different molecules. The IR absorption spec-
trum provides a “fingerprint” of a molecule with covalent bonds. This can be used to identify
the molecule. Qualitative identification of organic and inorganic compounds is a primary use
of IR spectroscopy. In addition, the spectrum provides a quick way to check for the presence
of a given functional group such as a carbonyl group in a molecule. IR spectroscopy and
spectrometry as used by analytical and organic chemists is primarily absorption spectros-
copy. IR absorption can also be used to provide quantitative measurements of compounds.

IR spectroscopy became widely used after the development of commercial
spectrometers in the 1940s. Double-beam monochromator instruments were developed,
better detectors were designed, and better dispersion elements, including gratings, were
incorporated. These conventional spectrometer systems have been replaced in the last
decade by FTIR instrumentation. This chapter will focus on FTIR instrumentation and
applications of IR spectroscopy. In addition, the related techniques of near-IR (NIR)
spectroscopy and Raman spectroscopy will be covered.

The wavelengths of IR radiation of interest to chemists trying to identify or study
organic molecules fall between 2 and 20 pm. These wavelengths are longer than those
in the red end of the visible region, which is generally considered to end at about
0.75 pm. IR radiation therefore is of lower energy than visible radiation, but of higher
energy than radiowaves. The entire IR region can be divided into the near-IR, from
0.75 to 2.5 pm, the mid-IR, from about 2.5 to 20 wm, and the far-IR, from 20 to
200 pwm. Visible radiation (red light) marks the upper energy end or minimum wavelength
end of the IR region; the maximum wavelength end is defined somewhat arbitrarily; some
texts consider the far-IR to extend to 1000 wm. The IR wavelength range tells us the IR
frequency range from the equation (introduced in Chapter 2)

c

v=- 4.1)
where v is the frequency, c is the speed of light, and A is the wavelength. We also know that
AFE = hv. When the frequency is high, A is short and the energy of the radiation is high.
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It is common to use wavenumber, symbolized by either ¥ or v, with units of cm ™ Uin

describing IR spectra. The first symbol is called “nu tilde”; the second symbol is called “nu
bar”; both symbols are used in the literature. The unit cm™ ' is called a reciprocal
centimeter. The wavenumber is the reciprocal of the wavelength. Wavenumber is the
number of waves of radiation per centimeter, 1/A; frequency is the number of waves
per second, ¢/A. Wavelength and wavenumber are related by:

wavelength (um) x wavenumber (cm™ =10,000 = 1 x 10* “4.2)

Both wavenumbers and wavelengths will be used throughout the chapter, so it is
important to be able to convert between these units. The older IR literature used the
term micron and the symbol p for wavelength in micrometers (pwm).

4.1. ABSORPTION OF IR RADIATION BY MOLECULES

Molecules with covalent bonds may absorb IR radiation. This absorption is quantized, so
only certain frequencies of IR radiation are absorbed. When radiation, (i.e., energy) is
absorbed, the molecule moves to a higher energy state. The energy associated with IR
radiation is sufficient to cause molecules to rotate (if possible) and to vibrate. If the IR
wavelengths are longer than 100 pm, absorption will cause excitation to higher rotational
states in the gas phase. If the wavelengths absorbed are between 1 and 100 pm, the mol-
ecule will be excited to higher vibrational states. Because the energy required to cause a
change in rotational level is small compared to the energy required to cause a vibrational
level change, each vibrational change has multiple rotational changes associated with it.
Gas phase IR spectra therefore consist of a series of discrete lines. Free rotation does not
occur in condensed phases. Instead of a narrow line spectrum of individual vibrational
absorption lines, the IR absorption spectrum for a liquid or solid is composed of broad
vibrational absorption bands. A typical IR spectrum for a condensed phase (liquid or
solid) is shown in Fig. 4.1. This is the spectrum of a thin film of polystyrene; note that
the absorption band at about 2950 cm ™' is more than 100 cm™ ' wide at the top. The
individual vibration—rotation lines can be seen in gas phase IR spectra. These narrow
lines are clearly seen in Fig. 4.2, the gas phase spectrum of hydrogen chloride, HCI.
Molecules absorb radiation when a bond in the molecule vibrates at the same
frequency as the incident radiant energy. After absorbing radiation, the molecules have
more energy and vibrate at increased amplitude. The frequency absorbed depends on
the masses of the atoms in the bond, the geometry of the molecule, the strength of the
bond, and several other factors. Not all molecules can absorb IR radiation. The molecule
must have a change in dipole moment during vibration in order to absorb IR radiation.

4.1.1. Dipole Moments in Molecules

When two atoms with different electronegativities form a bond, the electron density in the
bond is not equally distributed. For example, in the molecule hydrogen fluoride, HF, the
electron density in the bond shifts away from the H atom toward the more electronegative
fluorine atom. This results in a partial negative charge on F and a partial positive charge on
H. The bond is said to be polar when such charge separation exists. The charge separation
can be shown as

§ &

H—F
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Figure 4.1 Fourier transform IR spectrum of a thin film of polystyrene. The y axis unit is %T, the
x axis is in wavenumbers (cm™'). Collected on a ThermoNicolet 6700 FTIR spectrometer with a
DTGS detector. Courtesy of Thermo Electron Corp. (www.thermo.com).
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Figure 4.2 Vapor-phase FTIR spectrum of hydrogen chloride, HCI. Spectrum was collected in a

10 cm gas cell with NaCl windows on a Paragon 1000 FTIR spectrometer, PerkinElmer Instruments,
Shelton, CT.
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where 0 indicates a partial charge. The dipole in the bond is indicated by a crossed
arrow placed with the point on the more negative end of the bond as shown:

+—»

H—F

The HF molecule is a linear diatomic molecule with one polar bond; therefore, the
molecule is polar and has a dipole moment. The dipole moment w is the product of
the charge Q and the distance between the charges, r:

L=0xr 4.3)

The partial positive and negative charges in HF must be equal in magnitude but opposite in
sign to maintain electrical neutrality. We can imagine that the HF molecule vibrates by
having the bond stretch and compress over and over, just as a spring can be stretched
and compressed by first pulling and then squeezing the spring. On vibration of the HF
bond, the dipole moment changes because the distance between the charges changes.
Because the dipole moment changes in a repetitive manner as the molecule vibrates, it
is possible for HF to absorb IR radiation. It follows that diatomic molecules containing
atoms of the same element such as H,, N,, O,, and Cl, have no charge separation
because the electronegativity of each atom in the bond is the same. Therefore they do
not have dipole moments. Since a change in dipole moment with time is necessary for
a molecule to absorb IR radiation, symmetrical diatomic molecules do not absorb IR
radiation. Diatomic molecules made up of different atoms such as HCI and CO do have
dipole moments. They would be expected to absorb IR radiation or to be “IR-active”.

Molecules with more than two atoms may or may not have permanent dipole
moments. It depends on the geometry of the molecule. Carbon dioxide has two equal
C=0 bond dipoles but because the molecule is linear the bond dipoles cancel and the mol-
ecule has no net dipole moment:

I 4>

O—=C=—=0

Water, H,0, has two equal H—O bond dipoles. Water has a bent geometry and the vector
sum of the bond dipoles does not cancel. The water molecule has a permanent net dipole
moment.

" g f
>\‘ o /(
Bond Dipoles in Water Net Dipole in Water

Predicting the IR absorption behavior of molecules with more than two atoms is not as
simple as looking at diatomic molecules. It is not the net dipole moment of the molecule
that is important, but any change in the dipole moment on vibration. We need to under-
stand how molecules vibrate. This is relatively simple for diatomic and triatomic
molecules. Large molecules cannot be evaluated simply, because of their large number
of vibrations and interactions between vibrating atoms. It can be said that most mol-
ecules do absorb IR radiation, which is the reason this technique is so useful.
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4.1.2. Types of Vibrations in Molecules

The common molecular vibrations that are excited by IR radiation are stretching vibrations
and bending vibrations. These are called modes of vibration. Stretching involves a change
in bond lengths resulting in a change in interatomic distance. Bending involves a change
in bond angle or a change in the position of a group of atoms with respect to the rest of
the molecule. For a group of three or more atoms, at least two of which are the same
type of atom, there are two stretching modes: symmetrical stretching and asymmetrical
stretching. These two modes of stretching are shown, respectively, in Fig. 4.3 for a CH,
group. In Fig. 4.3(a) the two H atoms both move away from the C atom—a symmetrical
stretch. In Fig. 4.3(b) one H atom moves away from the C atom and one moves toward
the C atom—an asymmetrical stretch. Bending modes are shown in Fig. 4.3(c)—(f). Scissor-
ing and rocking are in-plane bending modes—the H atoms remain in the same plane as the C
atom (i.e., in the plane of the page). Wagging and twisting are out-of-plane (oop) bending
modes—the H atoms are moving out of the plane containing the C atom. The + sign in
the circle indicates movement above the plane of the page toward the reader, while
the — sign in the circle indicates movement below the plane of the page away from the
reader. Bends are also called deformations and the term antisymmetric is used in place of
asymmetric in various texts.

For the CO, molecule, we can draw a symmetric stretch, an asymmetric stretch, and
a bending vibration, as shown:

« - - - T T
O0=C=0 O0=C=0 0=C=0
< l

The CO, molecule on the left is undergoing a symmetric stretch, the one in the middle
an asymmetric stretch and the one on the right an in-plane bend. The symmetric

Bonds to the molecule

H H
el el
C =C
\H \H
Symmetrical Asymmetrical
stretching stretching
{a} (b
H H
= Ci >C>>;:
H H
Scissoring Rocking
(c) (d)
H® H®
=c_ =c_
H® RO
Wagging Twisting

(e) {f)

Figure 4.3 Principal modes of vibration between carbon and hydrogen in an alkane:
(a) symmetrical stretching, (b) asymmetrical stretching and the bending vibrations, (c) scissoring,
(d) rocking, (e) wagging, and (f) twisting.
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stretching vibration does not change the dipole moment of the molecule. This vibra-
tional mode does not absorb IR radiation—it is said to be IR-inactive. However, the
other two modes of vibration do change the dipole moment—they are IR-active. The
asymmetric stretching frequency occurs at 2350 cm™ ' and the bending vibration
occurs at 666 cm ™.

For diatomic and triatomic molecules, it is possible to work out the number and kind
of vibrations that occur. To locate a point in three-dimensional space requires three
coordinates. To locate a molecule containing N atoms in three dimensions, 3N coordinates
are required. The molecule is said to have 3N degrees of freedom. To describe the motion
of such a molecule, translational, rotational, and vibrational motions must be considered.
Three coordinates or degrees of freedom are required to describe translational motion and
three degrees of freedom are required to describe rotational motion about the molecule’s
center of gravity. This leaves 3N — 6 degrees of freedom to describe vibrational motion.
There are 3N — 6 possible normal modes of vibration in a molecule of N atoms. For
example, the water molecule contains 3 atoms, so it has 3 x 3 = 9 degrees of freedom
and (3 x 3) — 6 = 3 normal modes of vibration. For the water molecule, these normal
modes of vibration are a symmetric stretch, an asymmetric stretch, and a scissoring
(bending) mode. Linear molecules cannot rotate about the bond axis. As a result, only
two degrees of freedom are needed to describe rotation, so linear molecules have
3N — 5 normal modes of vibration. If we look at CO, above, three modes of vibration
are shown, but 3N — 5 = 4 normal modes of vibration, so one is missing. The fourth is
a bending mode equivalent to that shown, but oop:

+ -+
O0=—=C=0

where + indicates movement toward the reader and — indicates movement away from the
reader. The oop bending mode and the in-plane bending mode already shown both occur at
666 cm~'. They are said to be degenerate. Both are IR-active, but only one absorption
band is seen since they both occur at the same frequency.

For simple molecules, this approach predicts the number of fundamental vibrations
that exist. Use of the dipole moment rule indicates which vibrations are IR-active, but the
IR spectrum of a molecule rarely shows the number of absorption bands calculated.
Fewer peaks than expected are seen due to IR-inactive vibrations, degenerate vibrations,
and very weak vibrations. More often, additional peaks are seen in the spectrum due to over-
tones and other bands.

The excitation from the ground state V,, to the first excited state V| is called the fun-
damental transition. It is the most likely transition to occur. Fundamental absorption bands
are strong compared with other bands that may appear in the spectrum due to overtone,
combination, and difference bands. Overtone bands result from excitation from the
ground state to higher energy states V,, V3, and so on. These absorptions occur at approxi-
mately integral multiples of the frequency of the fundamental absorption. If the fundamen-
tal absorption occurs at frequency v, the overtones will appear at about 2v, 3v, and so on.
Overtones are weak bands and may not be observed under real experimental conditions.
Vibrating atoms may interact with each other. The interaction between vibrational
modes is called coupling. Two vibrational frequencies may couple to produce a new fre-
quency vz = v; + v,. The band at vs is called a combination band. If two frequencies
couple such that v; = v; — v,, the band is called a difference band. Not all possible com-
binations and differences occur; the rules for predicting coupling are beyond the scope of
this text.
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The requirements for the absorption of IR radiation by molecules can be summar-
ized as follows:

1. The natural frequency of vibration of the molecule must equal the frequency of
the incident radiation.

2. The frequency of the radiation must satisfy AE = hv, where AF is the energy

difference between the vibrational states involved.

The vibration must cause a change in the dipole moment of the molecule.

4. The amount of radiation absorbed is proportional to the square of the rate of
change of the dipole during the vibration.

5. The energy difference between the vibrational energy levels is modified by
coupling to rotational energy levels and coupling between vibrations.

et

4.1.3. Vibrational Motion

A molecule is made up of two or more atoms joined by chemical bonds. Such atoms
vibrate about each other. A simple model of vibration in a diatomic molecule can be
made by considering the bond to be a spring with a weight on each end of the spring
(Fig. 4.4). The stretching of such a spring along its axis in a regular fashion results in
simple harmonic motion. Hooke’s Law states that two masses joined by a spring will
vibrate such that:

1 /f

v=— |=
27\ 1

4.4)

where v is the frequency of vibration; f, the force constant of the spring (a measure of the
stiffness of the spring); and u, the reduced mass. The reduced mass is calculated from the
masses of the two weights joined by the spring.

MM,

= 4.5
M+ M, (43)

s

where M is the mass of one vibrating body and M, the mass of the other. From Eq. (4.4) it
can be seen that the natural frequency of vibration of the harmonic oscillator depends on
the force constant of the spring and the masses attached to it, but is independent of the

(a)

’i
Heo(eoH
H

Figure 4.4 (a) The atoms and chemical bonds in methane, CH,, presented as (b) a system of
masses and springs.
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amount of energy absorbed. Absorption of energy changes the amplitude of vibration, not
the frequency. The frequency v is given in hertz (Hz) or cycles per second (cps). During
this time light travels a distance measured in cm/s (i.e., the speed of light). Therefore, if
one divides v by c, the result is the number of cycles per cm. This is v, the wavenumber:

y=" (4.6)
C

Dividing both sides of Eq. (4.4) by ¢, we get:

= L |f 4.7)
2mc\ 1w

where ¥ is the wavenumber of the absorption maximum in cm ™ '; ¢, the speed of light in

cm/s; f, the force constant of the bond in dyn/cm; and u, the reduced mass in g. The term
frequency of vibration is often used when the vibration is expressed in wavenumbers, but it
must be remembered that wavenumber is directly proportional to the frequency v, not
identical to it. Equation (4.7) tells us the frequency of vibration of two atoms joined by
a chemical bond. The bond vibrates according to the same equation, except that in this
case the force constant fis a measure of the strength of the chemical bond and w is the
reduced mass of the vibrating atoms. The term f varies with bond strength; a simple but
useful approximation is that a triple bond between two atoms is 3x as strong as a
single bond between the same two atoms, so f would be 3x as large for the triple bond.
A double bond is twice as strong as a single bond. The force constant f is directly pro-
portional to the bond order, and depends on the electronegativity of the vibrating atoms
and the mean distance between them. These are all physical constants and properties of
the molecule. Since f and w are constant for any given set of atoms and chemical
bonds, the frequency of vibration v is also constant. The radiation absorbed by the
system has the same frequency and is constant for a given set of atoms and chemical
bonds, that is, for a given molecule. The absorption spectrum is therefore a physical prop-
erty of the molecule. Average values of the force constant for single, double, and triple
bonds are given in Table 4.1. Using these values of f and the masses of given atoms, it
is possible to estimate the wavenumber for fundamental stretching vibrations of given
bonds as discussed. Table 4.2 presents frequencies for common vibrations.

From Eq. (4.7), we can deduce that a C—C bond vibrates at a lower wavenumber
than a C=C bond, because the force constant for the C—C bond is smaller than that
for C=C. For example, C—C vibrates at 1200 cm™~ ' and C=C vibrates at 1650 cm ™.
In general, force constants for bending vibrations are lower than stretching vibrations.
Resonance and hybridization in molecules also affect the force constant for a given bond.

Table 4.1 Average Values for Bond Force Constant

Bond order Average force constant f (N/m)*
1 (single bond) 500
2 (double bond) 1000
3 (triple bond) 1500

“N/m is the SI unit; dyn/cm is the cgs unit. The single bond
force constant in dyn/cm is about 5 x 10°.
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4.2. IR INSTRUMENTATION

Until the early 1980s, most IR spectrometer systems were double-beam dispersive grating
spectrometers, similar in operation to the double-beam system for UV /VIS spectroscopy
described in Chapter 2. These instruments have been replaced almost entirely by FTIR
spectrometers because of the advantages in speed, signal-to-noise ratio, and precision in
determining spectral frequency that can be obtained from a modern multiplex instrument.
There are NIR instruments that are part of double-beam dispersive UV /VIS/NIR systems,
but many NIR instruments are stand-alone grating instruments.

The first requirement for material used in an IR spectrometer is that the material
must be transparent to IR radiation. This requirement eliminates common materials
such as glass and quartz for use in mid-IR instruments because glass and quartz are not
transparent to IR radiation at wavelengths longer than 3.5 wm. Second, the materials
used must be strong enough to be shaped and polished for windows, samples cells, and
the like. Common materials used are ionic salts, such as potassium bromide, calcium
fluoride, sodium chloride (rock salt), and zinc selenide. The final choice among the
compounds is determined by the wavelength range to be examined; for example,
sodium chloride is transparent to radiation between 2.5 and 15 pm. This wavelength
range was therefore termed the rock salt region when an ionic salt prism was used as
the wavelength dispersion device in early instruments. Potassium bromide or cesium
bromide can be used over the range of 2.1-26 pwm, and calcium fluoride in the range of
2.4-7.7 pm. The wavelength ranges of some materials used for IR optics and sample
holders are given in Table 4.3.

The major problem with the use of NaCl, KBr, and similar ionic salts is that they are
very soluble in water. Any moisture, even atmospheric moisture, can dissolve the surface
of a polished salt crystal, causing the material to become opaque and scatter light. Optics
and sample containers made of salts must be kept desiccated. This limitation is one of the
reasons salt prisms are no longer used in dispersive IR spectrometers.

4.2.1. Radiation Sources

A radiation source for IR spectroscopy should fulfill the requirements of an ideal radiation
source, namely, that the intensity of radiation (1) be continuous over the wavelength range
used, (2) cover a wide wavelength range, and (3) be constant over long periods of time.
The most common sources of IR radiation for the mid-IR region are Nernst glowers,
Globars, and heated wires. All of these heated sources emit continuous radiation, with
a spectral output very similar to that of a blackbody radiation source. Spectral curves
for blackbody radiators at several temperatures are shown in Fig. 4.5. The normal operat-
ing temperatures for IR sources are between 1100 and 1500 K. The range of light put out
by mid-IR sources extends into both the NIR and far-IR regions, but intensity is at a

maximum in the mid-IR region from 4000 to 400 cm ™ ".

4.2.1.1. Mid-IR Sources

The two main types of sources for mid-IR radiation are electrically heated rigid ceramic
rods and coiled wires.

The Nernst glower is a cylindrical bar composed of zirconium oxide, cerium oxide,
and thorium oxide that is heated electrically to a temperature between 1500 and 2000 K.
The source is generally about 20 mm long and 2 mm in diameter. The rare earth oxide
ceramic is an electrical resistor; passing current through it causes it to heat and glow,
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Figure 4.5 Radiant energy distribution curves for a blackbody source operated at various temp-
eratures. (From Coates, used with permission.)

giving off continuous IR radiation. The Nernst glower requires an external preheater
because of the negative coefficient of electrical resistance; it only conducts at elevated
temperature. In addition, the Nernst glower can easily overheat and burn out because its
resistance decreases as the temperature increases. The circuitry must be designed to
control the current accurately. A related source, the Opperman, consists of a bar of rare
earth ceramic material with a Pt or other wire running coaxially through the center of
the ceramic. Electrical current through the wire heats the wire, and that heats the
ceramic, providing a source similar to the Nernst glower without the preheating require-
ment. The Globar is a bar of sintered silicon carbide, which is heated electrically to emit
continuous IR radiation. The Globar is a more intense source than the Nernst glower.
These rigid cylinders were designed so that their shape matched the shape of the slit on
a classical dispersive spectrometer. Modern FTIRs do not have slits, so the geometry of
the source can now be made more compact. Commercial ceramic IR sources are available
in a variety of sizes and shapes, as seen in Fig. 4.6. Typical spectral outputs from these
commercial ceramic sources are compared with a blackbody radiator in Fig. 4.7.

Electrically heated wire coils, similar in shape to incandescent light bulb filaments,
have also been used successfully as a light source. Nichrome wire is commonly used,
although other metals such as rhodium are used as well. These wires are heated electrically
in air to a temperature of ~1100°C. The main problem with these wire coils is “sagging”
and embrittlement due to ageing, resulting in fracture of the filament, exactly the way a
light bulb filament “burns out”. Some coiled wire sources are wound around a ceramic
rod for support; this results in a more uniform light output over time than that from an
unsupported coil.

Modern sources for the mid-IR region are variants of the incandescent wire source or
the Globar, but generally in a compact geometry. Commercial furnace ignitors and diesel
engine heaters such as the silicon carbide tipped “glo-plug” have been adapted for use as IR
sources because of their robustness, low operating voltage, and low current requirements.

Sources are often surrounded by a thermally insulated enclosure to reduce noise caused
by refractive index gradients between the hot air near the source and cooler air in the light path.
Short-term fluctuations in spectral output are usually due to voltage fluctuations and can be
overcome by use of a stabilized power supply. Long-term changes occur as result of
changes in the source material due to oxidation or other high temperature reactions. These
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Figure 4.6 Commercial IR radiation sources. (Top) A variety of designs from ThermoOriel.
Dimensions given are in inches (mm). Courtesy of Newport Corporation, Irvine, CA (www.
newport.com). (Bottom) FTIR source element used in the PerkinElmer Spectrum One instrument.
It is made of a proprietary ceramic/metallic composite and is designed to minimize hot spots to
the end of the element. Only the last 5 mm on the end lights up. [Courtesy of PerkinElmer Instru-
ments, Shelton, CT (www.perkinelmer.com).]

types of changes may be seen as hot or cold “spots” in the source, and usually require
replacement of the source.

4.2.1.2. NIR Sources

As can be seen in Fig. 4.5, operating a mid-IR source at higher temperatures (>2000 K)
increases the intensity of NIR light from the source. Operation at very high temperatures is
usually not practical, due to the excessive heat generated in the instrument and premature
burn-out of the source. For work in the NIR region, a quartz halogen lamp is used as the
source. A quartz halogen lamp contains a tungsten wire filament and iodine vapor sealed in
a quartz envelope or bulb. In a standard tungsten filament lamp, the tungsten evaporates
from the filament and deposits on the lamp wall. This process reduces the light output
as a result of the black deposit on the wall and the thinner filament. The halogen gas in
a tungsten-halogen lamp removes the evaporated tungsten and redeposits it on the
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Figure 4.7 Spectral output of a variety of commercial IR radiation sources, including a silicon
carbide source (dashed line marked SiC) and an NIR quartz tungsten-halogen lamp (the dotted
line marked QTH). A blackbody curve at 1273 K is included for comparison. [Courtesy of
Newport Corporation, Irvine, CA (www.newport.com).]

filament, increasing the light output and source stability. The intensity of this source is
very high compared to a standard tungsten filament incandescent lamp. The range of
light put out by this source is from 25,000 to 2000 cm ™~ '. Figure 4.8 shows typical com-
mercial quartz tungsten-halogen lamps and a plot of the spectral output of such a source.

4.2.1.3. Far-IR Sources

While some of the mid-IR sources emit light below 400 cm ', the intensity drops off. A
more useful source for the far-IR region is the high pressure mercury discharge lamp. This
lamp is constructed of a quartz bulb containing elemental Hg, a small amount of inert gas,
and two electrodes. When current passes through the lamp, mercury is vaporized, excited,
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Figure 4.8 (a) Commercial quartz tungsten-halogen lamps for use in the NIR region. The lamps
are constructed of a doped tungsten coiled filament inside a quartz envelope. The envelope is filled
with a rare gas and a small amount of halogen. (b) The spectral output of a model 6315 1000 W
quartz tungsten-halogen lamp. The location and height of the peak depend on the model of lamp
and the operating conditions. [Courtesy of Newport Corporation, Irvine, CA (www.newport.com).]
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and ionized, forming a plasma discharge at high pressure (>1 atm). In the UV and visible
regions, this lamp emits atomic Hg emission lines that are very narrow and discrete, but
emits an intense continuum in the far-IR region.

4.2.1.4. IR Laser Sources

A laser is a light source that emits very intense monochromatic radiation. Some lasers, called
tunable lasers, emit more than one wavelength of light, but each wavelength emitted is mono-
chromatic. The combination of high intensity and narrow linewidth makes lasers ideal light
sources for some applications. Two types of IR lasers are available: gas phase and solid-state.
The tunable carbon dioxide laser is an example of a gas phase laser. It emits discrete lines in
the 1100-900 cm ™' range. Some of these lines coincide with the narrow vibrational—
rotational lines of gas phase analytes. This makes the laser an excellent source for measuring
gases in the atmosphere or gases in a production process. Open path environmental measure-
ments of atmospheric hydrogen sulfide, nitrogen dioxide, chlorinated hydrocarbons, and
other pollutants can be made using a carbon dioxide laser.

Tunable gas phase lasers are expensive. Less expensive solid-state diode lasers with
wavelengths in the NIR are available. Commercial instruments using multiple diode lasers
are available for NIR analyses of food and fuels. Because of the narrow emission lines
from a laser system, laser sources are often used in dedicated applications for specific
analytes. They can be ideal for process analysis and product quality control, for example,
but are not as flexible in their applications as a continuous source or a tunable laser.

4.2.2. Monochromators and Interferometers

The radiation emitted by the source covers a wide frequency range. However, the sample
absorbs only at certain characteristic frequencies. In practice, it is important to know what
these frequencies are. To obtain this information we must be able to select radiation of any
desired frequency from our source and eliminate that at other frequencies. This can be done
by means of a monochromator, which consists of a dispersion element and a slit system, as
discussed in Chapter 2. This type of system is called a dispersive spectrometer or spectro-
photometer. Double-beam spectrophotometers were routinely used because both CO, and
H,O present in air absorb IR radiation. Changes in humidity and temperature would cause
an apparent change in the source intensity if single beam optics were used, resulting in error
in recording the spectrum. A double-beam system automatically subtracts the absorption
by species in the air and also can subtract absorption by solvent if the sample is dissolved
in a solvent. Double-beam systems for the mid-IR required that the optics be transparent to
IR radiation. Lenses are rarely used because of the difficulty of grinding lenses from the
ionic salts that are IR-transparent. Salt prisms and metal gratings are used as dispersion
devices. Mirrors are generally made of metal and front surface polished. The IR spectrum
is recorded by moving the prism or grating so that different frequencies of light pass
through the exit slit to the detector. The spectrum is a plot of transmission intensity,
usually as percent transmittance, vs. frequency of light. A dispersive system is said to
record a spectrum in the frequency domain. It is estimated (Coates, 1997) that no more
than 5% of the IR spectrometers in current use are dispersive instruments. Therefore,
the discussion will focus on the FTIR based on a Michelson interferometer.

4.2.2.1. FT Spectrometers

If two beams of light of the same wavelength are brought together in phase, the beams
reinforce each other and continue down the light path. However, if the two beams are
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out of phase, destructive interference takes place. This interference is at a maximum when
the two beams of light are 180° out of phase (Fig. 4.9). Advantage is taken of this fact in the
FT instrument. The FT instrument is based on a Michelson interferometer; a schematic is
shown in Fig. 4.10. The system consists of four optical arms, usually at right angles to each
other, with a beam splitter at their point of intersection. Radiation passes down the first arm
and is separated by a beam splitter into two perpendicular beams of approximately equal
intensity. These beams pass down into other arms of the spectrometer. At the ends of
these arms, the two beams are reflected by mirrors back to the beam splitter, where they
recombine and are reflected together onto the detector. One of the mirrors is fixed in pos-
ition; the other mirror can move toward or away from the beam splitter, changing the path
length of that arm.

It is easiest to discuss what happens in the interferometer if we assume that the
source is monochromatic, emitting only a single wavelength of light. If the side arm
paths are equal in length there is no difference in path length. This position is shown in
Fig. 4.10 as the zero path length difference (ZPD) point. For ZPD, when the two beams
are recombined, they will be in phase, reinforcing each other. The maximum signal will
be obtained by the detector. If the moving mirror is moved from ZPD by 1/8 of a wave-
length, the total path difference on recombination is [2 x (1/8)A] or (1/4)A and partial
interference will occur. If the moving mirror is moved from ZPD by 1/4 of a wavelength,
then the beams will be one-half of a wavelength out of phase with each other; that is, they
will destructively interfere with each other such that a minimum signal reaches the detec-
tor. Figure 4.11 shows the signal at the detector as a function of path length difference for
monochromatic light. In practice, the mirror in one arm is kept stationary and that in the
second arm is moved slowly. As the moving mirror moves, the net signal falling on
the detector is a cosine wave with the usual maxima and minima when plotted against
the travel of the mirror. The frequency of the cosine signal is equal to

2
f=5 (4.8)

where f is the frequency; v, the velocity of the moving mirror; and A, the wavelength of
radiation.
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Figure 4.9 Wave interactions. (Top) Constructive interference occurs when both waves are in
phase. (Bottom) Destructive interference occurs when both waves are out of phase. [Courtesy of
ThermoNicolet, Madison, WI (www.thermonicolet.com).]
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Figure 4.10 (Top) Schematic diagram of a Michelson interferometer. ZPD stands for zero path-
length difference (i.e., the fixed mirror and moving mirror are equidistant from the beamsplitter).
(From Coates, used with permission). (Bottom) A simple commercial FTIR spectrometer layout
showing the He-Ne laser, optics, the source, as well as the source, interferometer, sample, and detec-
tor. [Courtesy of ThermoNicolet, Madison, WI (www.thermonicolet.com).]

The frequency of modulation is therefore proportional to the velocity of the mirror
and inversely proportional to wavelength of the incident radiation. The frequency is there-
fore also proportional to the wavenumber of the incident radiation, as we know from the
relationship between wavelength and wavenumber.
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Figure 4.11 (Top) A simplified schematic showing the generation of an interferogram from mono-
chromatic light by displacement of the moving mirror. (Modified from Coates, used with permission).
(Bottom) An enlarged view of the signal at the detector as a function of path difference between the
moving and fixed mirrors for monochromatic light of wavelength A. [Courtesy of ThermoNicolet,
Madison, WI (www.thermonicolet.com).]

Real IR sources are polychromatic. Radiation of all wavelengths generated from the
source travels down the arms of the interferometer. Each wavelength will generate a
unique cosine wave; the signal at the detector is a result of the summation of all these
cosine waves. An idealized interferogram from a polychromatic source is shown in
Fig. 4.12. The “centerburst” is located in the center of the interferogram because
modern FTIR systems scan the moving mirror symmetrically around ZPD. The inter-
ferogram holds the spectral information from the source (or sample) in a time domain, a
record of intensity vs. time based on the speed of the moving mirror. The spectral infor-
mation about the sample is obtained from the wings of the interferogram.

If the unique cosine waves can be extracted from the interferogram, the contribution
from each wavelength can be obtained. These individual wavelength contributions can be
reconstructed to give the spectrum in the frequency domain, that is, the usual spectrum
obtained from a dispersive spectrometer. A Fourier transform is used to convert the
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Figure 4.12 An idealized interferogram. (From Coates, used with permission.)

time-domain spectrum into a frequency-domain spectrum. Hence the term Fourier Trans-
form infrared spectrometer for this type of system.

It is mechanically difficult to move the reflecting mirror at a controlled, known,
steady velocity, and position variations due to temperature changes, vibrations, and
other environmental effects must be corrected for. The position of the moving mirror
must be known accurately. The position and the velocity are controlled by using a
helium-neon (He-Ne) laser beam that is shone down the light path producing an inter-
ference pattern with itself. The cosine curve of the interference pattern of the laser is
used to adjust the moving mirror in real time in many spectrometers. The He-Ne laser
is also used to identify the points at which the interferogram is sampled for the Fourier
transform, as shown schematically in Fig. 4.13.

Sampling the Interferogram

Source

He-Ne laser

Figure 4.13 Schematic diagram showing how the interferogram is digitized by sampling it at dis-
crete points based on the He-Ne laser signal, shown at the bottom. Each vertical line represents a
sampling point. [Courtesy of ThermoNicolet, Madison, WI (www.thermonicolet.com).]
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There are a number of advantages to the use of FTIR over dispersive IR. Because the
sample is exposed to all source wavelengths at once, all wavelengths are measured simul-
taneously in less than 1 s. This is known as the multiplex or Fellgett’s advantage, and it
greatly increases the sensitivity and accuracy in measuring the wavelengths of absorption
maxima. This multiplex advantage permits collection of many spectra from the same
sample in a very short time. Many spectra can be averaged, resulting in improved signal-
to-noise ratio. An FTIR is considerably more accurate and precise than a monochromator
(Connes’ advantage). Another advantage is that the intensity of the radiation falling on
the detector is much greater because there are no slits; large beam apertures are used, result-
ing in higher energy throughput to the detector. This is called the throughput or Jacquinot’s
advantage. Resolution is dependent on the linear movement of the mirror. As the total dis-
tance traveled increases, the resolution improves. It is not difficult to obtain a resolution of
0.5cm™'. A comparison between FTIR and dispersive IR is given in Table 4.4.

The signal-to-noise improvement in FTIR comes about as a result of the multiplex
and throughput advantages. These permit a rapid spectrum collection rate. A sample spec-
trum can be scanned and rescanned many times in a few seconds and the spectra added and
averaged electronically. The IR signal (S) accumulated is additive, but the noise level (V)
in the signal is random. The S/N ratio therefore increases with the square root of the
number of scans (i.e., if 64 scans are accumulated, the S/N ratio increases 8x). FTIR
has the potential to be many orders of magnitude more sensitive than dispersive IR.
However, in practice the sheer number of scans necessary to continue to improve the

Table 4.4 Comparison of Dispersive IR and FTIR Instruments

Dispersive IR

FTIR

Many moving parts result in mechanical
slippage

Calibration against reference spectra required
to measure frequency

Stray light within instrument causes spurious
readings

In order to improve resolution, only small
amount of IR beam is allowed to pass
through the slits

Only narrow-frequency radiation falls on the
detector at any one time

Slow scan speeds make dispersive instruments
too slow for monitoring systems undergoing
rapid change (e.g., GC effluents)

Sample subject to thermal effects from the
source due to length of scan time

Any emission of IR radiation by sample will fall
on detector due to the conventional
positioning of the sample before the
monochromator

Double-beam optics permit continuous real-
time background subtraction

Only mirror moves during an experiment

Use of laser provides high frequency precision
(to 0.01 cm™ 1) (Connes’ advantage)

Stray light does not affect detector, since all
signals are modulated

Much larger beam aperture used; higher energy
throughput (Throughput or Jacquinot’s
advantage)

All frequencies of radiation fall on detector
simultaneously; improved S/N ratio obtained
quickly (Multiplex or Fellgett’s advantage)

Rapid scan speeds permit monitoring samples
undergoing rapid change

Short scan times, hence sample is not subject to
thermal effects

Any emission of IR radiation by sample will not
be detected

Single-beam optics; background spectrum
collected separately in time from sample
spectrum. Can result in error if background
spectra not collected frequently
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sensitivity limits the improvement. For example, 64 scans improve sensitivity 8x. It
would require 4096 scans to increase the S/N 64-fold. A practical limit of one to two
orders of magnitude sensitivity increase is therefore normal unless circumstances merit
the additional time. Of course, the ability to process many spectra rapidly is a result of
the improvement in computer hardware and software that has occurred over the past
decade or so. Inexpensive powerful computers and commercially available user-friendly
software allow this technology to be used in undergraduate laboratories as well as in
industrial and academic research labs.

4.2.2.2. Interferometer Components

The schematic interferometer diagrams given do not show most of the optics, such as beam
collimators and focusing mirrors. Mirrors in an FTIR are generally made of metal. The
mirrors are polished on the front surface and may be gold-coated to improve corrosion
resistance. Commercial FTIRs use a variety of flat and curved mirrors to move light
within the spectrometer, to focus the source onto the beam splitter, and to focus light
from the sample onto the detector.

The beam splitter can be constructed of a material such as Si or Ge deposited in a
thin coating onto an IR-transparent substrate. The germanium or silicon is coated onto
the highly polished substrate by vapor deposition. A common beam splitter material for
the mid-IR region is germanium and the most common substrate for this region is KBr.
Both the substrate and the coating must be optically flat. KBr is an excellent substrate
for the mid-IR region because of its transparency and its ability to be polished flat. Its
major drawback is that it is hygroscopic; this limits the use of KBr as a substrate for
field or process control instruments, where environmental conditions are not as well con-
trolled as laboratory conditions. Germanium on KBr is also used for the long wavelength
end of the NIR region, while Si coated on quartz can be used for the short wavelength end
of the NIR region. A thin film of mylar is used as a beam splitter for the far-IR region.
Other combinations of coatings and substrates are available, including complex multilayer
materials, especially for applications where moisture may limit the use of KBr.

Ideally, the beam splitter should split all wavelengths equally, with 50% of the beam
being transmitted and 50% reflected. This would result in equal intensity at both the fixed
and moving mirrors. Real beam splitters deviate from ideality.

As noted earlier and discussed subsequently under background correction in IR
spectroscopy, CO, and H,O absorb IR radiation (Fig. 4.14). To reduce the spectral back-
ground from CO, and H,O and increase the light intensity in the regions where these gases
absorb, many spectrometers have sealed and desiccated optical systems. Only a small air
path in the sample compartment remains. Alternately, some spectrometers allow the optics
and the sample path to be purged with dry nitrogen or other dry gas, decreasing the H,O
and CO, in the light path.

IR spectrometers must be calibrated for wavelength accuracy. FTIRs are usually
calibrated by the manufacturer and checked on installation. Wavelength calibration can
be checked by the analyst by taking a spectrum of a thin film of polystyrene, which has
well-defined absorption bands across the entire mid-IR region, as seen in Fig. 4.1. Poly-
styrene calibration standard films are generally supplied with an IR instrument or can
be purchased from any instrument manufacturer. Recalibration of the spectrometer
should be left to the instrument service engineer if required.

4.2.3. Detectors

Detectors for IR radiation fall into two classes: thermal detectors and photon-sensitive
detectors. Thermal detectors include thermocouples, bolometers, thermistors, and
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Figure 4.14 A background spectrum of air, showing the absorption bands due to water vapor and
carbon dioxide. Collected on a Paragon 1000 FTIR spectrometer, PerkinElmer Instruments, Shelton,
CT (www.perkinelmer.com).

pyroelectric devices. Thermal detectors tend to be slower in response than photon-
sensitive semiconductors. The most common types of detectors used in dispersive
IR spectroscopy were bolometers, thermocouples, and thermistors, but faster detectors
are required for FTIR. FTIR relies on pyroelectric and photon-sensitive semiconducting
detectors. Table 4.5 summarizes the wavenumber ranges covered by commonly used
detectors.

4.2.3.1. Bolometer

A bolometer is a very sensitive electrical resistance thermometer that is used to detect and
measure weak thermal radiation. Consequently, it is especially well suited as an IR detec-
tor. The bolometer used in older instruments consisted of a thin metal conductor, such as
platinum wire. Incident IR radiation heats up this conductor, which causes its electrical
resistance to change. The degree of change of the conductor’s resistance is a measure
of the amount of radiation that has fallen on the detector. In the case of platinum, the resist-
ance change is 0.4% per °C. The change in temperature depends on the intensity of inci-
dent radiation and on the thermal capacity of the detector. It is important to use a small
detector and to focus the radiation on it. The rate at which the detector heats up or
cools down determines how fast the detector responds to a change in radiation intensity
as experienced when an absorption band is recorded. This constitutes the response time
of the detector. For these older types of bolometers, the response time is long, on the
order of seconds. Consequently, a complete mid-IR scan using a dispersive instrument
and bolometer could take 20 min.

Modern bolometers are micro-machined from silicon. This type of bolometer is only
a few micrometers in diameter and is usually placed in one arm of a Wheatstone bridge for
measurements. The modern micro-bolometer has a fast response time and is particularly
useful for detecting far-IR radiation (600-20 cm_l).
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Figure 4.15 Schematic diagram of a thermocouple.

4.2.3.2. Thermocouples

A thermocouple is made by welding together at each end two wires made from different
metals (Fig. 4.15). If one welded joint (called the hot junction) becomes hotter than the
other joint (the cold junction), a small electrical potential develops between the joints.
In IR spectroscopy, the cold junction is carefully screened in a protective box and kept
at a constant temperature. The hot junction is exposed to the IR radiation, which
increases the temperature of the junction. The potential difference generated in the
wires is a function of the temperature difference between the junctions and, therefore,
of the intensity of IR radiation falling on the hot junction. The response time of the
thermocouple detector is slow; thermocouples cannot be used as detectors for FTIR
due to their slow response.

4.2.3.3.  Thermistors

A thermistor is made of a fused mixture of metal oxides. As the temperature of the
thermistor increases, its electrical resistance decreases (as opposed to the bolometer).
This relationship between temperature and electrical resistance allows thermistors to
be used as IR detectors in the same way as bolometers. The thermistor typically changes
resistance by about 5% per °C. Its response time is also slow.

4.2.3.4. Golay Detector

The Golay detector was a pneumatic detector, a small hollow cell filled with a nonabsorb-
ing gas such as xenon. In the center of the cell was a blackened film. Radiation was
absorbed by the blackened film, causing an increase in temperature. In turn, the film
heated the enclosed gas. Thermal expansion of the gas caused the internal pressure of
the cell to increase. One wall of the cell was a thin convex mirror that was part of the
optical system. As the pressure inside the cell increased, the mirror bulged. A change in
radiation intensity falling on the Golay detector caused a change in the readout from
the detector. An important advantage of this detector was that its useful wavelength
range was very wide. The response was linear over the entire range from the UV
through the visible and IR into the microwave range to wavelengths about as long as
7.0 mm. The Golay detector’s response time was about 10~ % s, much faster than that of
the bolometer, thermistor, or thermocouple. The detector was very fragile and subject
to mechanical failure. While this detector is no longer in use as an IR detctor, a variation
of the Golay detector, the photoacoustic detector, is used in photoacoustic spectroscopy,
discussed later in this chapter.
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4.2.3.5. Pyroelectric Detectors

Pyroelectric materials change their electric polarization as a function of temperature.
These materials may be insulators (dielectrics), ferroelectric materials, or semiconductors.
A dielectric placed in an electrostatic field becomes polarized with the magnitude of
the induced polarization depending on the dielectric constant. The induced polarization
generally disappears when the field is removed. Pyroelectric materials, however, stay
polarized and the polarization is temperature dependent.

A pyroelectric detector consists of a thin single crystal of pyroelectric material
placed between two electrodes. It acts as a temperature-dependent capacitor. Upon
exposure to IR radiation, the temperature and the polarization of the crystal change.
The change in polarization is detected as a current in the circuit connecting the electrodes.
The signal depends on the rate of change of polarization with temperature and the surface
area of the crystal. These crystals are small; they vary in size from about 0.25 to 12.0 mm?.

The most common pyroelectric material in use as an IR detector is deuterated
triglycine sulfate (DTGS). The formula for trigylcine sulfate is (NH,CH,COOH); -
H,S0,; replacement of hydrogen with deuterium gives DTGS. DTGS with a cesium
iodide window covers the 6400—200 cm ™' range, which includes part of the NIR, all of
the mid-IR, and some of the far-IR regions. With the use of a polyethylene window, a
DTGS detector can be used as a far-IR detector (700—50 cm™'). Other pyroelectric
detectors for the mid-IR region include lithium tantalate, LiTaO5, and strontium barium
niobate.

Pyroelectric materials lose their polarization above a temperature called their Curie
point. For DTGS, this temperature is low. DTGS detectors are cooled by thermoelectric
cooling to between 20°C and 30°C to prevent loss of polarization. Lithium tantalate has a
much higher Curie temperature and does not require cooling, but is less sensitive than
DTGS by about an order of magnitude. Lithium tantalate has a high linear response range,
unlike DTGS. DTGS does not respond linearly over the IR frequency range. Its response
is inversely proportional to the modulation frequency of the source, resulting in lower sensi-
tivity at the high frequency end of the spectral range than at the low frequency end.

4.2.3.6. Photon Detectors

Semiconductors are materials that are insulators when no radiation falls on them but
become conductors when radiation falls on them. Exposure to radiation causes a very
rapid change in their electrical resistance and therefore a very rapid response to the IR
signal. The response time of a semiconductor detector is the time required to change
the semiconductor from an insulator to a conductor, which is frequently as short as
1 ns. The basic concept behind this system is that absorption of an IR photon raises an
electron in the detector material from the valence band of the semiconductor across a
band gap into the conduction band, changing its conductivity greatly. In order to do
this, the photon must have sufficient energy to displace the electron. IR photons have
less energy than UV or visible photons. The semiconductors chosen as IR detectors
must have band gaps of the appropriate energy. The band gap of the detector material
determines the longest wavelength (lowest wavenumber) that can be detected.

Materials such as lead selenide (PbSe), indium antimonide (InSb), indium gallium
arsenide (InGaAs), and mercury cadmium telluride (HgCdTe, also called MCT) are intrin-
sic semiconductors commonly used as detectors in the NIR and mid-IR regions. Cooling of
these detectors is required for operation. MCT requires operation at 77 K and must be
cooled with liquid nitrogen; other detectors such as InGaAs can operate without cooling,
but show improved S/N if cooled to —30°C or so with thermoelectric cooling. For the
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far-IR region, extrinsic semiconductors such as Si and Ge doped with low levels of copper,
mercury, or other dopants are used. The dopants provide the electrons for conductivity and
control the response range of the detector. These doped germanium or silicon detectors
must be cooled in liquid helium, but are sensitive to radiation with wavelengths as long
as 200 wm. The spectral response curves of some semiconductor detectors are shown in
Fig. 4.16. The MCT material used is nonstoichiometric, and can be represented as
Hg( —Cd,Te. The actual spectral range of an MCT detector can be varied by varying
the Hg/Cd ratio.

Semiconductor detectors are very sensitive and very fast. The fast response time
has permitted rapid-scan IR to become a reality, as is needed in FT spectrometers and
coupled techniques such as GC-IR that generate transient peaks. The sensitivity of
these detectors has opened up the field of microsampling, IR microscopy and on-line IR
systems for process control.

4.2.4. Detector Response Time

The length of time that a detector takes to reach a steady signal when radiation falls on
it is called its response time. This varies greatly with the type of detector used and has
a significant influence on the design of the IR instrument. Thermal detectors such as
thermocouples, thermistors, and bolometers have very slow response times, on the
order of seconds. Consequently, when a spectrum is being scanned, it takes several
seconds for the detector to reach an equilibrium point and thus give a true reading of
the radiation intensity falling on it. If the detector is not exposed to the light long
enough, it will not reach equilibrium and an incorrect absorption trace will be obtained.
It was normal for dispersive IR instruments with older-style thermal detectors to take
on the order of 15 min to complete an IR scan. Attempts to decrease this time resulted
in errors in the intensity of the absorption bands and recording of distorted shapes of
the bands.
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Figure 4.16 Spectral response of various semiconductor detectors. The operating temperature in
kelvin is given next to the material.
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The slow response time of thermal detectors is due to the fact that the detector
temperature must change in order to generate the signal to be measured. When there
is a change in radiation intensity, the temperature at first changes fairly rapidly, but as
the system approaches equilibrium, the change in temperature becomes slower and
slower and would take an infinitely long time to reach the true equilibrium temperature.
It should also be remembered that when an absorption band is reached, the intensity
falling on the detector decreases and the response depends on how fast the detector cools.

Semiconductors operate on a different principle. When radiation falls on them, they
change from a nonconductor to a conductor. No temperature change is involved in the
process; only the change in electrical resistance is important. This takes place over an
extremely short period of time. Response times of the order of nanoseconds are
common. This enables instruments to be designed with very short scanning times. It is
possible to complete the scan in a few seconds using such detectors. These kinds of
instruments are very valuable when put onto the end of a GC and used to obtain the IR
spectra of the effluents. Such scans must be made in a few seconds and be completely
recorded before the next component emerges from the GC column.

Response time is not the only detector characteristic that must be considered.
Linearity is very important in the mid-IR region where wide variations in light intensity
occur as a result of absorption by a sample. The ability of the detector to handle high
light levels without saturating is also important. The MCT detectors saturate easily and
should not be used for high intensity applications; DTGS, on the other hand, while not
as sensitive as MCT, does not saturate as readily. DTGS can be used for higher intensity
applications than MCT.

4.3. SAMPLING TECHNIQUES

IR spectroscopy is one of the few analytical techniques that can be used for the character-
ization of solid, liquid, and gas samples. The choice of sampling technique depends upon the
goal of the analysis, qualitative identification or quantitative measurement of specific ana-
Iytes, upon the sample size available, and upon sample composition. Water content of the
sample is a major concern, since the most common IR-transparent materials are soluble
in water. Samples in different phases must be treated differently. Sampling techniques
are available for transmission (absorption) measurements and, since the advent of FTIR,
for several types of reflectance (reflection) measurements. The common reflectance
measurements are attenuated total reflectance (ATR), diffuse reflectance or diffuse
reflectance infrared Fourier transform spectroscopy (DRIFTS), and specular reflectance.
The term reflection may be used in place of reflectance and may be more accurate; specular
reflection is actually what occurs in that measurement, for example. However, the term
reflectance is widely used in the literature and will be used here.

4.3.1. Techniques for Transmission (Absorption) Measurements

These are the oldest and most basic sampling techniques for IR spectroscopy and apply to
both FTIR and dispersive IR systems. Transmission analysis can handle a wide range of
sample types and can provide both qualitative and quantitative measurements. Trans-
mission analysis provides maximum sensitivity and high sample throughput at relatively
low cost. There is in some cases substantial sample preparation required.

The sample or the material used to contain the sample must be transparent to IR radi-
ation to obtain an absorption or transmission spectrum. This limits the selection of container
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materials to certain salts, such as NaCl or KBr, and some simple polymers. A final choice of
the material used depends on the wavelength range to be examined. A list of commonly used
materials is given in Table 4.3. If the sample itself is opaque to IR radiation, it may be
possible to dissolve it or dilute it with an IR-transparent material to obtain a transmission
spectrum. Other approaches are to obtain IR reflectance spectra or emission spectra from
opaque materials.

4.3.1.1. Solid Samples

Three traditional techniques are available for preparing solid samples for collection of
transmission IR spectra: mulling, pelleting, and thin film deposition. First, the sample
may be ground to a powder with particle diameters less than 2 wm. The small particle
size is necessary to avoid scatter of radiation. A small amount of the powder, 2—4 mg,
can be made into a thick slurry, or mull, by grinding it with a few drops of a greasy,
viscous liquid, such as Nujol (a paraffin oil) or chlorofluorocarbon greases. The mull is
then pressed between two salt plates to form a thin film. This method is good for qualitat-
ive studies, but not for quantitative analysis. To cover the complete mid-IR region it is
often necessary to use two different mulling agents, since the mulling agents have absorp-
tion bands in different regions of the spectrum. The spectrum of the mulling agents alone
should be obtained for comparison with the sample spectrum.

The second technique is the KBr pellet method, which involves mixing about 1 mg
of a finely ground (<2 wm diameter) solid sample with about 100 mg powdered dry pot-
assium bromide. The mixture is compressed under very high pressure (>50,000 psi) in a
vacuum to form a small disk about 1 cm in diameter. An evacuable die is designed for use
in a hydraulic press. A die consists of a body and two anvils that will compress the
powdered mixture. The faces of the anvils are highly polished to give a pressed pellet
with smooth surfaces. A schematic of an evacuable die is shown in Fig. 4.17. When
done correctly, the KBr pellet looks like glass. The disk is transparent to IR radiation
and may be analyzed directly by placing it in a standard pellet holder. There are small,
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Figure 4.17 Schematic drawing of a typical IR pellet die showing the arrangement of the major
components. (Reprinted from Aikens et al. by permission from Waveland Press, Inc. Long Grove,
IL, 1984. All rights reserved.)
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hand-operated presses available for making KBr pellets, but the quality of the pellet
obtained may not be as good as that obtained with an evacuable die. The pellet often
will contain more water, which absorbs in the IR region and may interfere with the
sample spectrum. There are several types of handheld presses available. A common
design consists of two bolts with polished ends that thread into a metal block or nut.
The nut serves as the body of the die and also as the sample holder. One bolt is threaded
into place. The KBr mix is added into the open hole in the nut so that the face of the
inserted bolt is covered with powdered mix. The second bolt is inserted into the nut.
Pressure is applied using two wrenches, one on each bolt. The bolts are then removed;
the KBr pellet is left in the nut and the nut is placed in the light path of the spectrometer.
The pellet should appear clear; if it is very cloudy, light scattering will result, giving a poor
spectrum. The pellet is removed by washing it out of the nut with water. One disadvantage
of this type of die is that the pellet usually cannot be removed from the nut intact; if pellets
need to be saved for possible reanalysis, a standard die and hydraulic press should be used.
Micropellet dies are available that produce KBr pellets on the order of 1 mm in diameter
and permit spectra to be obtained on a few micrograms of sample. A beam condenser is
used to reduce the size of the IR source beam at the sampling point.

It is critical that the KBr be dry; even then bands from water may appear in the
spectrum because KBr is so hygroscopic. The KBr used should have its IR spectrum
collected as a blank pellet; reagent grade KBr sometimes contains nitrate, which has IR
absorption bands. IR-grade KBr should be used when possible. The quality of the spectrum
depends on having small particle size and complete mixing. A mortar and pestle
can be used for mixing, but better results are obtained with a vibrating ball mill such as
the Wig-L-Bug®. It is also very important that the polished faces of the anvils not be
scratched. The anvils should never have pressure applied to them unless powdered
sample is present to avoid scratching the polished faces.

In the third method, the solid sample is deposited on the surface of a KBr or NaCl
plate or onto a disposable “card” by evaporating a solution of the solid to dryness or allow-
ing a thin film of molten sample to solidify. IR radiation is then passed through the thin
layer deposited. It is difficult to carry out quantitative analysis with this method, but it
is useful for rapid qualitative analysis. The thin film approach works well for polymers,
for example. It is important to remove all traces of solvent before acquiring the spectrum.
Disposable salt “cards” are available for acquiring the IR spectrum of a thin film of solid
deposited by evaporation. These cards have an extremely thin KBr or NaCl window
mounted in a cardboard holder, but are manufactured so that atmospheric moisture does
not pose a storage problem (Real Crystal™ IR cards, International Crystal Laboratories,
Garfield, NJ). Water can even be used as the solvent for casting films of polar organic
molecules on these cards.

A new approach to collecting transmission spectra of solids is the use of a diamond
anvil cell. Diamond is transparent through most of the mid-IR region, with the exception
of a broad absorption around 2000 cm™~'. A solid sample is pressed between two small
parallel diamond “anvils” or windows to create a thin film of sample. A beam condenser
is required because of the small cell size. Very high pressures can be used to compress
solid samples because diamonds are very hard materials. As a result, the diamond anvil
cell permits transmission IR spectra to be collected of thin films of very hard materials.
Hard materials cannot be compressed between salt windows because the salt crystals
are brittle and crack easily.

In general, spectra from solid samples are used for qualitative identification of
the sample, not for quantitative analysis. The spectrum of a solid sample is generally
collected when the sample is not soluble in a suitable IR-transparent solvent. There are
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some problems that can occur with spectra from solid samples. Many organic solids are crys-
talline materials. The mull and pellet approaches result in random orientation of the finely
ground crystals; deposition of thin films by evaporation may result in a specific crystal orien-
tation with respect to the light beam. Hence, thin film spectra may look different from the
spectrum of the same material collected as a mull or a pellet. When possible, spectra of
known materials obtained by the same sample preparation method should be compared
when trying to identify an unknown. Use of a high-pressure hydraulic press for KBr
pellets may cause crystal structure changes in some materials; again, standards and
samples should have the same sample preparation method used if spectra are to be compared.

4.3.1.2. Liquid Samples

The easiest samples to handle are liquid samples. Many liquids may be analyzed “neat”,
that is, with no sample preparation. Neat liquids that are not volatile are analyzed by press-
ing a drop of the liquid between two flat salt plates to form a very thin film. The salt plates
are held together by capillary action or may be clamped together. NaCl, KBr, AgCl, and
similar salts are used as the plates. Volatile liquids may be analyzed neat by using a pair of
salt plates with a thin spacer in a sealed cell. The path length of these cells depends on the
spacer thickness. For neat liquids very small path lengths, less than 0.05 mm, must be used
to avoid complete absorption of the source beam. Sample sizes used for the collection of
neat spectra are on the order of a few milligrams of material.

The use of dilute solutions of material for IR analysis is the preferred choice
for several reasons. Solutions give more reproducible spectra, and dilution in an
IR-transparent solvent eliminates the problem of total absorption by the strong bands in
a neat sample. Solvents commonly used for IR spectroscopy include carbon tetrachloride,
carbon disulfide, methylene chloride, and some alkanes such as hexane. No one solvent is
transparent over the entire mid-IR region, so the analyst must choose a solvent that is
transparent in the region of interest. Figure 4.18 shows the IR-transparent regions for
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Figure 4.18 IR absorption characteristics of some common solvents. Regions of strong IR
absorbance in 0.1 mm cells (except water, 0.01 mm cell) are shown as shaded areas. Longer cell
paths will broaden the regions of absorption and in some cases introduce new regions where absorp-
tion is significant. (Reprinted from Aikens et al. by permission from Waveland Press, Inc. Long
Grove, IL, 1984. All rights reserved.)
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some common solvents. Liquid cells for solutions are sealed cells, generally with a path
length of 0.1-1 mm and two salt windows. The path length is fixed by a spacer placed
between the two salt windows. Some cells come with a single fixed path length; other
cells can be purchased with a variety of spacers. These cells can be disassembled and
the path length changed by inserting a different spacer [Fig. 4.19(a)]. The windows and
spacer are clamped into a metal frame that has two ports: one inlet and one outlet port.
The cell is filled by injecting sample solution with a syringe into one port and allowing
it to flow until the solution exits the other port. Solution concentrations of 1-10%
sample are used for most quantitative work. Solvent absorption peaks are compensated
for in a double-beam dispersive IR by using matched cells. One cell is used to contain
the sample solution, and the other cell to contain the solvent used to make the solution.
Matched cells have the same window material, window thickness, and path length. In
the single-beam FTIR, solvent absorption bands are corrected for by obtaining a blank
spectrum of the solvent and subtracting the blank spectrum from the sample solution
spectrum, just as the background is subtracted. In this case, the same cell can be used
for both the blank spectrum and the sample spectrum.
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Figure 4.19 (a) Standard demountable cell for liquid samples, shown in an “exploded” view. The
spacer is of Teflon or metal. The width of the spacer used determines the pathlength of the assembled
cell. The nuts screw onto the four threaded posts to seal the assembled cell. Once the cell is
assembled, it is filled via syringe. The inlet port on the back plate is equipped with a fitting for a
syringe (not shown); the outlet port is the hole in the back plate opposite the inlet hole. Sample is
injected until the liquid appears at the top of the outlet port. Plugs are put into both inlet and
outlet ports to seal the cell. Courtesy of PerkinElmer Instruments, Shelton, CT (www.perkinel-
mer.com). (b) and (c) show the absorbance spectra for two commercial disposable IR cards with
polymer film windows. The choice of polymer depends on the region of the spectrum to be
studied. PTFE (c) would be used if the C—H stretch region needs to be measured, while clearly poly-
ethylene (b) is not suited for that use. [Courtesy of ThermoNicolet, Madison, WI (www.thermo.
com).]
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Most IR cells must be protected from water, because the salt plates are water soluble
and hygroscopic. Organic liquid samples should be dried over an appropriate drying agent
before being poured into the cells; otherwise, the cell surfaces become opaque and
uneven. Such etching of the internal window surfaces is frequently a serious problem,
particularly when quantitative analyses are to be performed. Light scattering will occur,
the path length within the cell becomes uneven and erroneous quantitative results may
be obtained.

It will be remembered that Beer’s Law indicates that the absorbance = abc, where b
is the path length through the sample, or in this case the width of the empty cell. In order
for quantitative data to be reliable, » must be a constant, or at least measurable and cor-
rectable. A measurement of b may be performed by using a procedure based on inter-
ference fringes. An empty and dry cell is put into the light path, and the interferogram
collected (or a suitable wavelength range is scanned if a dispersive instrument is used).
Partial reflection of the light takes place at the inner surfaces, forming two beams. The
first beam passes directly through the sample cell, and the second beam is reflected
twice by the inner surfaces before proceeding to the detector. The second beam therefore
travels an extra distance 2b compared with the first beam. If this distance is a whole
number of wavelengths (nA), then the two emerging beams remain in phase and no
interference is experienced. However, if 2b = (n + 1/2)A, interference is experienced
and the signal reaching the detector is diminished. The interference signal generated is
a sine wave, and each wave indicates an interference fringe. The path length of the
sample holder can be measured by using the formula.

. n )\1)\2
L =g, (f\z - m) @

where n is the number of fringes; 7, the refractive index of the sample (or air, if empty
lightpath); and A; and A,, the wavelengths between which the number of fringes is
measured.

If A is measured in pum, b also has units of wm. For example, if n = 14, A; = 2 pm,
and A, = 20 pm, b can be calculated as:

_14(2xzo

b=% 202

5 ) = 15.5 pm (assuming that n = 1)

For quantitative analysis it is necessary to measure the path length in order to
use calibration curves obtained with the same cell but at different times. If the cell
becomes badly etched, the interference pattern becomes noisy and the cell windows
have to be removed and repolished.

IR spectra of samples containing water can be accomplished using special cells
with windows of barium fluoride, silver chloride or KRS-5. These materials are not
very water-soluble (see Table 4.3). However, a more useful technique is to measure
attenuated total reflection (Section 4.3.3.1).

Disposable IR cards with a thin polymer film window are available for the qualitative
analysis of liquids. (These cards were originally manufactured by 3M®, but are now available
from International Crystal Laboratories, Garfield, NJ, and other suppliers.) Two polymer sub-
strates are available: polytetrafluoroethylene for the 4000—1300 wavenumber region and
polyethylene for the lower wavenumber region. The absorption spectra for these two
materials are displayed in Fig. 4.19(b) and (c). A thin film can be deposited onto the
polymer window by evaporation from solution or by smearing the liquid onto the polymer.
A major advantage of these cards is that the polymer films do not dissolve in water; therefore
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samples containing water can be analyzed. Absorption bands from the polymer substrate
are subtracted from the sample spectra by running a blank card spectrum.

Microcells are available for the analysis of as little as 0.5 wL of liquid sample.
These microcells also require a beam condenser as described for solid microsamples.

4.3.1.3.  Gas Samples

Gas sample cells have windows of KBr and cell bodies made of glass or metal, along
with two ports with valves for evacuating the cell and filling the cell from an external
gas source. Gases are much more dilute than liquids or solids; a gas has many fewer
molecules per unit volume than does a condensed phase. To compensate for the small
concentration of sample molecules in a gas (the ¢ term in Beer’s Law), the gas cells
have longer path lengths (b is increased). The sample cavity of an IR spectrometer is
generally about 10 cm long. There are gas cells with a single-pass 10 cm path length,
but most gas cells make use of multiple reflections to increase the effective path length.
Commercial gas cells with effective path lengths of 2, 10, 20, 40, and up to 120 m are
available. The IR beam is reflected multiple times from internal mirrors in the cell.
Such a cell is shown schematically in Fig. 4.20, where the multiple reflections make the
effective path length 5x longer than the actual physical length of the cell. A single-
pass 10 cm cell requires about 50 torr of sample pressure to obtain a good IR spectrum.
However, multiple reflection cells with long path lengths permit the analysis of ppm con-
centrations of gases. Gas cells are also used to obtain the vapor-phase spectrum of highly
volatile liquids. A drop or two of liquid is placed in the cell, the valves are closed and the
sample is allowed to come to equilibrium. The vapor phase spectrum of HCI (Fig. 4.2) was
collected by placing a few drops of concentrated hydrochloric acid in a 10 cm gas cell with
a glass body and KBr windows. The gas sample must not react with the cell windows or
surfaces. Temperature and pressure must also be controlled if quantitative measurements
are being made.

4.3.2. Background Correction in Transmission Measurements

The two main sources of background absorption (i.e., absorption from material other
than the sample) are the solvent used for liquid solutions and the air in the optical light
path. In a conventional double-beam dispersive system, comparing the sample beam to
the reference beam and recording the difference spectrum in real time automatically elimi-
nate absorption from air and solvent. If the sample is a liquid solution, a matching liquid
cell with pure solvent is placed in the reference beam. The absorption from the solvent and
from the air is measured simultaneously and subtracted from the sample beam signal.

Figure 4.20 Schematic gas absorption cell. Reflection of the light beam through the cell makes
the effective path length longer than the cell length.
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However, FTIR is a single-beam system and both air and solvent contribute to the signal,
so corrections must be made in several steps.

4.3.2.1. Solvent Absorption

The solvent absorption spectrum is measured by putting pure solvent in the liquid
sample cell and recording its spectrum. This spectrum is stored by the computer under
an assigned file name (e.g., Spectrum A). The cell (or an identical cell) is then filled
with the sample solution in that solvent, its spectrum taken, recorded, and stored under
a file name (e.g., Spectrum B). Spectrum A is then subtracted from Spectrum B, giving
the net spectrum of the sample. Of course, in this approach, any absorption by the air
is also measured in both Spectrum A and Spectrum B, so the absorption by air is also
corrected for.

4.3.2.2.  Air Absorption

Gaseous CO, and H,O vapor are both strong IR absorbers. Both occur in air in the optical
light path and contribute to any IR absorption signal measured. This background signal
may be corrected for in one of two ways. First, the air spectrum may be recorded by
running a spectrum with no sample present. This constitutes the “blank” spectrum and
is recorded and stored as a file (usually called BLANK). Samples of any type—mulls,
pellets, or neat liquids—may be run and their total spectrum (air + sample) recorded
and stored. The blank (air) spectrum is then subtracted by the computer, leaving the net
sample spectrum. Any suspected changes in humidity or CO, content can be corrected
by updating the blank spectrum at regular intervals. This is an easy and rapid measurement
for an FTIR, and in routine analysis, the background spectrum should be collected and
the file updated on a regular basis. The second method, purging the optical path, is
more difficult. The optical system can be purged with dry N, or argon, removing CO,
and H,O in the process. This eliminates the necessity of correcting for the blank signal
derived from impurities in the air if done effectively. However, the ease of collection
and subtraction of the background with modern FTIR systems and the difficulty of
purging the sample compartment completely makes the first option the more common
approach.

A typical background spectrum of air taken by an FTIR spectrometer is shown
in Fig. 4.14. The bands above 3000 cm ™' and between 1400 and 1700 cm™' are due
to water; the main CO, band is the band at about 2350 cm™ . The FTIR is a single-
beam system; this background spectrum is collected and stored for subtraction from all
subsequent sample spectra. However, the absorption of the source intensity by carbon
dioxide and water reduces the energy available in the regions where they absorb. To reduce
the spectral background from carbon dioxide and water and increase the light intensity in
these regions, as already noted, many spectrometers have sealed and desiccated optical
systems or a means of purging the optical path to remove the air.

4.3.3. Techniques for Reflectance and Emission Measurements

The sample techniques just described are designed for collection of transmission
(absorption) spectra. This had been the most common type of IR spectroscopy, but it
was limited in its applications. There are many types of samples that are not suited to
the conventional sample cells and techniques just discussed. Thick, opaque solid
samples, paints, coatings, fibers, polymers, aqueous solutions, samples that cannot be
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destroyed such as artwork or forensic evidence samples, hot gases from smokestacks—
these materials posed problems for the analytical chemist who wanted to obtain an IR
absorption spectrum. The use of reflectance techniques provides a nondestructive
method for obtaining IR spectral information from materials that are opaque, insoluble,
or cannot be placed into conventional sample cells. In addition, IR emission from
heated samples can be used to characterize certain types of samples and even measure
remote sources such as smokestacks. In reflectance and emission, the FTIR spectrometer
system is the same as that for transmission. For reflectance, the sampling accessories are
different and in some specialized cases contain an integral detector. The heated sample
itself provides the light for emission measurements; therefore there is no need for an IR
source. There may be a heated sample holder for laboratory emission measurements.

4.3.3.1. Attenuated Total Reflectance (ATR)

ATR or internal reflectance uses an optical element of high refractive index. This optical
element is called the internal reflection element (IRE) or the ATR crystal. Light traveling
in a high refractive index material is reflected when it encounters an interface with a
material of a lower refractive index. The amount of light reflected depends upon the
angle of incidence at the interface. When the angle of incidence is greater than the critical
angle, which depends on the ratio of the two refractive indices, complete reflection of light
occurs at the interface (i.e., total internal reflection). If a sample of material, such as a
squishy polymer or rubber or a liquid is placed directly against the IRE, an interface is
formed. The light beam traveling in the IRE will be completely reflected at the interface
if the critical angle condition is met, but the beam of light actually penetrates a very short
distance (generally less than 2 wm) into the lower refractive index material (in this case,
the sample). This penetrating beam is called an evanescent wave. If the sample cannot
absorb any of the light, all of the intensity is reflected. If the sample can absorb part of
the light, the light beam is attenuated, that is, reduced in intensity, at the frequencies
where the sample absorbs. This is the basis of the ATR sampling technique. A schematic
representation of a multiple reflection ATR crystal is shown in Fig. 4.21. The interaction of
the evanescent wave with the sample essentially provides an IR absorption spectrum
of the sample.

Typical ATR crystal materials are listed in Table 4.6. Samples must be in actual
intimate physical contact with the ATR crystal. The first ATR systems were designed
to analyze solids that could be pressed against the surface of the crystal: polymers,
films, moldable resins, textiles, canvas paintings, and the like. Little or no sample
preparation is required. For example, the IR spectrum of a valuable painting could
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Figure 4.21 Schematic ATR sampling accessory. The internal reflection crystal permits multiple
reflections. At each reflection a small amount of IR energy penetrates the sample and absorption
occurs at the vibrational frequencies for the sample. (Courtesy of Pattacini, Pattacini Associates,
LLC, Danbury, CT.)
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Table 4.6 Common ATR IRE Materials

Penetration
Spectral range  Refractive depth®

Material (cm™hH index (pm) Uses

Germanium 5,500-675 4 0.66 Good for most samples; strongly
absorbing samples such as dark
polymers

Silicon 8,900-1,500 3.4 0.85 Resistant to basic solutions

AMTIR® 11,000-725 2.5 1.77 Very resistant to acidic solutions

ZnSe 15,000-650 24 2.01 General use

Diamond 30,000-200 2.4 2.01 Good for most samples, extremely

caustic or hard samples

Source: Table courtesy of ThermoNicolet, Madison, WI.
Depth at 45° and 1000 cm ™.
PAMTIR is an IR-transparent glass composed of Ge, As, and Se.

be obtained without destroying the painting. This is essential in examining artwork and in
other applications such as forensic science, archaeology, and paleontology. Very hard
materials such as minerals could not be pressed against traditional ATR crystals
because the IRE would be damaged. Designs of ATR probes include cylindrical probes
used for analysis of liquids and diamond ATR probes for hard materials. The diamond
ATR probes permit analysis of hard, rigid samples and probes with inert diamond tips
are available for direct insertion into process streams.

ATR can be used to monitor organic reactions and processing of organic materials.
For example, if an ATR probe is put into a mixture of reacting organic compounds, one
particular wavelength can be monitored to indicate the disappearance of one of the reac-
tants or the appearance of a product as the reaction proceeds. This eliminates the need to
remove samples from the reaction vessel or process line in order to obtain an IR spectrum
and permits continuous monitoring of the reaction without disturbing the system. ATR
systems are also available with heaters to monitor processes at elevated temperatures
and to study reaction kinetics and thermal degradation. Making quality chocolate is an
example of a process that can be monitored by ATR at elevated temperature. ATR can
be applied to the study of fossils. IR spectra can be obtained from the surface of fossilized
plants or animals. The method is nondestructive, and the samples need not be removed
from the fossil surface. The method is of particular interest to paleontologists and
archeologists. Fossilized leaves, amber, bone, fish, trilobites, teeth and many other
sample types have been examined.

4.3.3.2. Specular Reflectance

When light bounces off a smooth polished surface, specular reflection occurs. By specular
reflection, we mean that the angle of reflected light is equal to the angle of incident light
just as happens with a mirror. Specular reflectance is a nondestructive way to study thin
films on smooth, reflective surfaces. The measurement is a combination of absorp-
tion and reflection. The IR or NIR beam passes through the thin coating where absorption
can occur. The beam is reflected from the polished surface below the coating and then
passes through the coating again on its way out. Spectra can be obtained from inorganic
and organic coatings from submicrometer to 100 micrometers in thickness. An angle of
incidence of 45° from the normal is typically used for thin films. Ultrathin films, as thin
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as 20 A, may be studied using a much larger angle of incidence, such as 80° from normal.
This technique is called grazing angle analysis.

The thin films or coatings can be studied nondestructively, with no sample prep-
aration other than deposition on a polished metal surface if necessary. Specular reflectance
has been used to study lubricant films on computer disks, oxide layers on metal surfaces,
paint curing as a function of time, and molecules adsorbed on surfaces. For example, the
IR absorption spectrum of proteins adsorbed onto a polished gold surface can be studied.
This spectrum from an adsorbed layer can form the basis of sensors for compounds that
will bind to the proteins and change the spectrum. Use of a polarizer in conjunction
with grazing angle analysis can provide information about the orientation of molecules
adsorbed onto surfaces.

4.3.3.3. Diffuse Reflectance (DR or DRIFTS)

DR, also called DRIFTS, is a technique used to obtain an IR or NIR spectrum from a rough
surface. The rough surface may be a continuous solid, such as a painted surface, fabric, an
insect wing or a piece of wood, or it may be a powder that has just been dumped into a
sample cup, not pressed into a glassy pellet. The incident light beam interacts with the
sample in several modes. Specular reflectance from the surface can occur; this is not
desired and samples may need some preparation or dilution with KBr to minimize the specu-
lar component. The desired diffuse reflectance occurs by interaction of the incident beam
with the sample. Ideally, the beam should penetrate about 100 pwm into the sample and
the reflected light is scattered at many angles back out of the sample. A large collecting
mirror or, for NIR, an integrating sphere, is used to collect the scattered radiation.
DRIFTS works very well for powdered samples. The sample powder is generally
mixed with loose KBr powder at dilutions of 5—10% and placed into an open sample
cup. A commercial diffuse reflectance arrangement for the mid-IR region is shown in
Fig. 4.22. Other types of probes, including fiber optic probes are available for diffuse

Diffuse reflectance

Input / output optics
AN /4
I\ /’l

i CPC

Sample cup [Cazear
(at least 3rmm deep) Powder sample cup

(b)

Figure 4.22 (a) Schematic diagram of diffuse reflectance from a powdered sample in a cup, showing
the depth of penetration of the incident and reflected beams. Ideally, specular reflectance should be
minimized to prevent distortion of the diffuse reflectance spectrum. (From Coates, used with per-
mission.) (b) A DRIFTS sampling accessory with a compound parabolic concentrator (CPC) design.
The CPC design minimizes specular reflection from the sample surface, reduces sample packing and
height effects, and avoids damage to the optics from sample spills by placement of the sample
below the optics. [Courtesy of ThermoNicolet, Madison, WI (www.thermonicolet.com).]
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reflectance measurements in the NIR region. A commercial IR integrating sphere for
NIR diffuse reflectance measurements is diagrammed in Fig. 4.23.

The diffuse reflectance experiment requires that the incident beam penetrate into the
sample, but the path length is not well defined. The path length varies inversely with the
sample absorptivity. The resulting spectrum is distorted from a fixed path absorbance
spectrum and is not useful for quantitative analysis. Application of the Kubelka—Munk
equation is a common way of making the spectral response linear with concentration.

The Kubelka—Munk relationship is:

(1-Ro® o,
f(Rw) = T K'C (4.10)
where R, is the ratio of the sample reflectance spectrum at infinite sample depth to that
of a nonabsorbing matrix such as KBr, K’ is a proportionality constant, and C is the con-
centration of absorbing species. The Kubelka—Munk equation gives absorbance-like
results for diffuse reflectance measurements, as can be seen by comparing it to Beer’s
Law, A = abc = Kc for a fixed path length. In Beer’s Law, K is a proportionality constant
based on the absorption coefficient and the pathlength. K is also a proportionality con-
stant, but based on the ratio of absorption coefficient to scattering coefficient. The term
f(Rs) can be considered a “pseudoabsorbance”.

4.3.3.4. IR Emission

Some samples are not amenable to transmission/absorption or reflectance spectroscopy.
Samples can be characterized by their IR emission spectrum under certain conditions. If
the sample molecules are heated, many will occupy excited vibrational states and will
emit radiation upon returning to the ground state. The radiation emitted is characteristic
of the vibrational levels of the molecule, that is, the IR spectrum, and can be used to ident-
ify the emitting sample. The IR emission from the sample is directed into the spectrometer
instead of the usual IR light source. Very small samples can have their IR emission col-
lected with an IR microscope, discussed later in this chapter. Large, physically remote
samples can be imaged with a telescope arrangement and the emitted light directed into
the spectrometer.
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Figure 4.23 Schematic diagram of an NIR integrating sphere for DR. The sphere is placed in the
sample compartment of a Hitachi model U-3410 dispersive UV /VIS/NIR spectrophotometer. The
sphere design permits only diffuse reflectance to reach the detector; the specular component is reflected
out through the same opening the light enters. [Courtesy of Hitachi High Technologies America, Inc.,
San Jose, CA (www.hitachi-hhta.com).]
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IR emission can be used in the laboratory to study heated samples. Most modern
research grade instruments offer an emission sampling port as an option. One significant
advantage of IR emission spectrometry is that the sample can be remote—such as the emis-
sion from a flame or smokestack. Some typical applications of IR emission include analysis
of gases, remote flames and smokestacks or other hot discharges, process measurements,
photochemical studies, and the analysis of thin films and coatings. IR emission measure-
ments are nondestructive and do not suffer from atmospheric background problems, since
the room temperature water and carbon dioxide in air do not emit radiation. The major limit-
ation is that thick samples cannot be measured due to reabsorption of the emitted radiation
by cool parts of the sample.

4.4. FTIR MICROSCOPY

FTIR instruments with sensitive MCT detectors have permitted the development of the IR
microscope, which extends IR spectroscopy to the examination of very small samples with
detection limits up to two orders of magnitude better than can be achieved with dispersive
instruments. An IR microscope uses two light beams, one visible and the other IR, that travel
through the microscope optics to the sample following identical paths, as shown in Fig. 4.24.
The sample is viewed optically and the exact region to be studied is centered and focused
using the microscope controls. In some microscope designs, the visible beam is then
moved out of the light path and the IR beam is moved in. Microscopes designed with
dichroic optics allow both beams to reach the sample so that the analyst can view the
sample while the IR spectrum is collected. It is possible to collect an IR spectrum, in
either transmission or reflectance mode, from an area as small as 10 wm in diameter. The
IR signal from the sample passes to a dedicated MCT detector designed for small samples.
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Figure 4.24 IR microscope schematic with the detector integrated into the microscope. The
microscope is usually coupled to a light port on the side of the FTIR spectrometer. The FTIR spec-
trometer supplies a modulated, collimated beam of light to the microscope. Courtesy of PerkinElmer
Instruments, Shelton, CT (www.perkinelmer.com). (From Coates, used with permission.)
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To obtain a transmission spectrum, the sample must be prepared. A microtome is
used for cutting a very thin slice of the sample through which radiation can penetrate.
Sample thickness must be in the range of 15 wm and the sample must be flat. The
quality of the spectrum depends on the sample preparation. All of the reflectance modes
are available for microscopy, including ATR and grazing angle analysis. These generally
require little or no sample preparation. The sensitivity obtainable is subnanogram
quantities.

Modern FTIR microscopes are available with computer-controlled microscope
stages and video imaging systems that permit a 2D picture of the sample to be displayed,
and areas containing a specified functional group to be highlighted using “false color” to
show differences in composition with respect to position in the sample. Microscopes are
available that allow the use of polarized light for imaging and that can obtain fluorescence
images. These are useful to improve the contrast in samples that lack features under
normal illumination.

A prime example of the use of FTIR microscopy is in the examination of polymers, a
very important class of engineering materials. The physical properties of polymers are
very dependent on their molecular structure. The presence of impurities, residual mono-
mers, degree of crystallinity, size, and orientation of crystalline regions (the microstruc-
ture of a polymer) greatly affects their mechanical behavior. FTIR microscopy can
identify polymers, additives, and determine the presence of impurities.

Food-packaging materials may be made up of several layers of different polymers,
called a laminate, to provide a single plastic sheet with the desired properties. Typical
layers are between 10 and 200 pwm thick. Using an automated FTIR microscope it is pos-
sible to obtain acceptable spectra from each layer and identify the polymers involved. As
an example, a cross-section of a polymer laminate, compressed between NaCl plates, is
shown is shown in Fig. 4.25. Three layers were seen under magnification. The sample
was moved in a straight line, as shown, and IR spectra were collected every 2 wm
across the sample. The spectra collected from the laminate can be displayed in a variety
of formats, such as the “waterfall display” presented in Fig. 4.26. This display gives the
analyst a very clear picture of the differences in the three layers. If we look at the band
on the left, between 3200 and 3400 cm ™', we see that it is high in the layer plotted at
the front of the display, as we move back (along the sample), we reach the thin middle

Figure 4.25 Micrograph of a polymer laminate, showing two broad layers and a narrow middle
layer. The sample was mounted in an NaCl compression cell and spectra were collected automati-
cally in 2 pum steps along the white line indicated. A Centaurps Analytical FTIR Microscope System
from ThermoNicolet was used for the automatic data collection and results presented in this figure
and in Figs. 4.26—4.28. [Courtesy of ThermoNicolet, Madison, WI (www.thermonicolet.com).]
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Figure 4.26 The spectra collected from the polymer laminate are displayed as a function of position
along the sample, in a “waterfall display”. The chemical differences in the layers are clearly seen. For
example, the top layer has a large broad peak at about 3400 cm ™' (the peak on the far left); that peak
disappears as the middle and bottom layers are scanned. [Courtesy of ThermoNicolet, Madison, WI
(www.thermonicolet.com).]

layer. Note the band is still there, but much less intense. Then, moving back into the third
layer, the band disappears. The same thing happens to the intense band at about
1700 cm ™', Three distinct IR spectra were obtained, one from each layer (Fig. 4.27).
The front layer was identified as a polyamide polymer by matching its spectrum to a
known spectrum. The back layer is identified as polyethylene—note that this spectrum
does not show the bands seen in the polyamide spectrum at 3400 and 1700 cm™'. We
will come back to these spectra later in the chapter. The middle layer was not immediately
identified. A search of a computerized IR spectral library matched the spectrum of the
middle layer to a urethane alkyd, as shown in Fig. 4.28. Figure 4.28 shows what a spectral
search routine does-it picks a series of possible “fits” to the unknown from its database and
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Figure 4.27 One spectrum from each layer is displayed. The spectrum from the top layer matches
that of a polyamide; that on the bottom is the spectrum of polyethylene. The middle spectrum has not
yet been identified. [Courtesy of ThermoNicolet, Madison, WI (www.thermonicolet.com).]
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Figure 4.28 The results of a library search of the spectrum from the middle layer of the laminate.
The top spectrum is that collected from the sample; the bottom spectrum, urethane alkyd, is the best
match found in the search of a polymer database. Other possible compounds are suggested by the
search routine and listed in the box below the spectra. Note the match number—the higher the
number, the better the agreement between the sample spectrum and the library spectrum. [Courtesy
of ThermoNicolet, Madison, WI (www.thermonicolet.com).]

assigns a goodness-of-fit or match number. In this case, the urethane alkyd spectrum has
the highest match number, 77, of the spectra in this database.

In forensic science, FTIR microscopy has been used to examine paint chips from
automobile accidents. An example of a paint chip spectrum is shown in Fig. 4.29. Hit-
and-run drivers frequently leave traces of paint on cars with which they collide. Identifi-
cation of the paint can help to identify the car. Other uses of an IR microscope in forensic
analysis include the examination of fibers, drugs, and traces of explosives.
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Figure 4.29 Transmission spectrum of a blue paint chip from an American car measured using a
miniature diamond anvil cell. [Courtesy of PerkinElmer Instruments, Shelton, CT (www.perkinelmer.

com).]
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IR microscopy is used in the characterization of pharmaceuticals, catalysts, min-
erals, gemstones, adhesives, composites, processed metal surfaces, semiconductor
materials, fossils, and artwork. Biological samples such as plant leaves and stems,
animal tissue, cells, and similar samples can be imaged. Frequently, such information
cannot be obtained by any other means. A microscope that combines both IR and
Raman measurements will be discussed in the section on Raman spectroscopy.

4.5. NONDISPERSIVE IR SYSTEMS

In industry it is often necessary to monitor the quality of a product on a continuous basis to
make certain the product meets its specifications. This on-line, real-time approach to
analysis is called process analysis. IR spectroscopy is often the method of choice for
process monitoring of organic chemical, polymer, and gas production. It is usually not
feasible to use laboratory IR instruments under production conditions because they are
too delicate, too big, and too expensive. Nondispersive systems have therefore been devel-
oped that are much sturdier and can be left running continuously. Many nondispersive
systems have been designed for the NIR region. These will be discussed in Section 4.7.
The mid-IR region is used mainly for monitoring gas streams.

Nondispersive IR spectrometers may use filters for analysis of gaseous substances.
Each filter is designed to measure a specific compound. Figure 4.30 presents a commercial
filter photometer for the mid-IR region with a filter wheel containing multiple narrow
bandpass filters. The compound measured is selected by turning the wheel to put the
proper filter in the light path. Other photometers have been designed for dedicated
measurement of a single gaseous species. A schematic diagram of such a dedicated
nondispersive IR instrument is shown in Fig. 4.31. The system consists essentially of
the radiation source and two mirrors that reflect two beams of light, which pass through
the sample and reference cells, respectively, to two detectors. These detectors are trans-
ducers similar in design to the Golay detector; each contains the gas phase of the
compound being determined. The detector is therefore selective for the compound. For
example, imagine that the two detectors are filled with gas phase carbon tetrachloride.
If there is no carbon tetrachloride vapor in the sample call, detectors A and B will
absorb the IR radiation equally and consequently their temperatures will increase. The
temperature difference between the two detectors is measured and is at a minimum
when there is no sample in the light path. When carbon tetrachloride vapor is introduced
into the sample cell, it absorbs radiation. The light falling on detector A is therefore
decreased in intensity and the temperature of the detector decreases. The temperature

Sample Focusing

Source

Figure 4.30 A schematic of a 2-filter wheel, multiwavelength filter photometer. (From Coates,
used with permission.)
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Figure 4.31 Schematic of a positive-filter nondispersive IR system.

difference 7, — T between the two detectors increases. As the concentration of sample
increases, the temperature of detector A decreases and 7, — T increases. The relationship
between T, — T and sample concentration is positive in slope. The reference cell may be a
sealed cell containing N, gas, which does not absorb in the IR, or a flow-through cell
that is purged with a nonabsorbing gas. Clearly, the system can be made specific for
any IR-absorbing gas by putting that vapor in the detectors. The response of the system
is usually better if the light beams are chopped, and it is common to chop the light as it
leaves the source so that the sample and reference beams are chopped equally. This pro-
vides an ac signal that helps correct for changes in room temperature during operation,
instrument drift, and other types of noise in the system.

A problem may be encountered if an interfering material is present in the sample
that has absorption bands overlapping those of the sample. This will result in a direct
interference in the measurement. The problem can be overcome by placing a cell contain-
ing a pure sample of the interfering material in the sample arm. In this fashion all the
absorbable radiation at a common wavelength is absorbed and this eliminates any varia-
tion in absorption due to the impurity in the sample because all the light at this wavelength
has been removed.

Nondispersive IR systems are good for measuring concentrations of specific
compounds under industrial and other similar circumstances. As can be readily under-
stood, they are not generally used as research instruments and do not have scanning
capabilities. However, they are robust and enduring and can be used for the continuous
monitoring of specific compounds. Nondispersive systems are very common in NIR appli-
cations, as discussed in Section 4.7.

4.6. ANALYTICAL APPLICATIONS OF IR SPECTROSCOPY

The two most important analytical applications of IR spectroscopy are the qualitative and
quantitative analyses of organic compounds and mixtures. We pointed out at the beginning
of this chapter that the frequencies of radiation absorbed by a given molecule are charac-
teristic of the molecule. Since different molecules have different IR spectra that depend on
the structure and mass of the component atoms, it is possible, by matching the absorption
spectra of unknown samples with the IR spectra of known compounds, to identify the
unknown molecule. Moreover, functional groups, such as —CH3;, —C=0, —NH,, and
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—OH, act almost as separate groups and have characteristic absorption frequencies
relatively independent of the rest of the molecule they are part of. This enables us to ident-
ify many of the functional groups that are important in organic chemistry, and provides
the basis for qualitative structural identification by IR spectroscopy. By examining
the absorption spectra of an unknown sample and comparing the bands seen with the
characteristic absorption frequencies of known functional groups, it is possible to classify
the sample as, say, a ketone or a carboxylic acid very quickly, even if it is not possible to
identify the compound exactly. In some cases, the structure of an unknown can be deduced
from its IR spectrum, but this requires much practice and is not always possible, even for
an expert. In addition to identifying a molecule, or its functional groups, we can acquire
information about structural and geometrical isomers from IR spectroscopy. IR spec-
troscopy has been coupled to chromatography to identify separated compounds and to
thermogravimetric analyzers to identify compounds or degradation products that volatilize
as a sample is heated.

We can measure the extent of absorption at a specific frequency for an analyte of
known concentration. If now we were to measure the extent of absorption at the same
frequency by a sample solution of unknown concentration, the results could be compared.
We could determine the sample’s concentration using Beer’s Law. Thus, as a quantitative
tool, IR spectroscopy enables us to measure the concentration of analytes in samples.

The introduction and widespread use of FTIR has resulted in considerable extension
of the uses of IR in analytical chemistry. With regard to wavelength assignment, speed of
analysis, and sensitivity, FTIR has opened new fields of endeavor. Some of these uses are
described.

Typical analyses include the detection and determination of paraffins, aromatics,
olefins, acetylenes, aldehydes, ketones, carboxylic acids, phenols, esters, ethers, amines,
sulfur compounds, halides, and so on. From the IR spectrum it is possible to distinguish
one polymer from another, or determine the composition of mixed polymers, or identify
the solvents in paints. Atmospheric pollutants can be identified while still in the atmos-
phere. Another interesting application is the examination of old paintings and artifacts.
It is possible to identify the varnish used on the painting and the textile comprising the
canvas, as well as the pigments in the paint. From this information fake “masterpieces”
can be detected. Modern paints and textiles use materials that were not available when
many masterpieces were painted. The presence of modern paints or modern synthetic
fabrics confirms that the painting must have been done recently. In a similar manner,
real antiques can be distinguished from modern imitations.

As already discussed, paints and varnishes are measured by reflectance analysis, a
process wherein the sample is irradiated with IR light and the reflected light is introduced
into an IR instrument. The paint, or other reflecting surface, absorbs radiation in the same
manner as a traversed solution. This technique can be used to identify the paint on appli-
ances or automobiles without destroying the surface. Scraps of paint from automobiles
involved in wrecks can be examined. From the data obtained, the make and year of the
car may be able to be determined.

In industry, IR spectroscopy has important uses. It is used to determine
impurities in raw materials. This is necessary to ensure good products. It can be used
for quality control by checking the composition of the product, either in batch mode
or continuously (on-line or process analysis). On-line IR analyzers can be used to
control the process in real time, a very cost-effective way of producing good products.
IR spectroscopy is used in the identification of new materials made in industrial research
laboratories and in the analysis of materials made or used by competitors (a process
called “reverse engineering”).
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4.6.1. Qualitative Analyses and Structural Determination by
Mid-IR Absorption Spectroscopy

Qualitative analysis of unknown samples is a major part of the work of an analytical chemist.
Since it is better to give no answer than an incorrect answer, most analytical chemists
perform qualitative analysis using an array of techniques that overlap and confirm each
other, providing in the sum more information than could be obtained with the separate
individual methods. For qualitative analysis of an unknown organic compound the most
commonly used spectroscopic methods are: IR spectroscopy to tell which functional
groups are present; NMR to indicate the relative positions of atoms in the molecule
and the number of these atoms; and MS to provide the molecular weight of the unknown
and additional structural information. UV spectroscopy was used in the past to study unsat-
urated or substituted compounds; it has been almost entirely replaced for qualitative struc-
tural information by NMR and MS, which are commonly available in undergraduate
chemistry labs. Each technique provides an abundance of valuable information on molecular
structure, but a combination of methods is used to ensure more reliable identification. In
addition to spectroscopy, real samples may be submitted to chromatography to determine
if the unknown is a pure substance or a mixture, to determine the number of compounds
present, and to separate and purify the compound of interest.

The value to qualitative analysis of prior knowledge about the sample cannot be over-
emphasized. Before trying to interpret an IR spectrum, it is important to find out as much as
possible about the sample, For example, to identify the products of an organic reaction, it is
very valuable to have information about the materials that were present before the reaction
started, the compounds the reaction was expected to produce, the possible degradation
products that may come about after the reaction, and so on. Armed with as much of this
information as possible, we may be able to identify the molecules in the sample from
their IR spectra.

The general technique for qualitative analysis is based on the characteristics of mol-
ecular structure and behavior mentioned at the beginning of the chapter. That is, the fre-
quency of vibration of different parts of a molecule depends on the weight of the vibrating
atoms (or groups) and the bond strength. Many groups can be treated as isolated harmonic
oscillators and their vibrational frequencies calculated. More commonly, vibrational fre-
quencies for functional groups are identified by the collection of spectra from hundreds of
different compounds containing the desired functional group. These characteristic group
vibrational frequencies are tabulated in correlation tables or correlation charts. Table 4.2
is a short list of functional groups and their relevant vibrational frequencies. Since the
absorption frequency is the same as the vibration frequency, the presence of absorption
at a given frequency is an indication that the functional group may be present. More
tables are found later and very detailed tables are found in the references listed in the bib-
liography by Silverstein and Webster, Pavia et al., Lambert et al., Colthup et al., Dean,
Robinson, and in the CRC Handbook of Chemistry and Physics.

Qualitative analysis is carried out by matching the wavelengths of the absorption
bands in the spectrum of the sample with the wavelengths of functional groups listed in
a correlation table. Before a positive identification can be made, all the absorption
bands typical of the functional group must be observed. More importantly, the lack of
an absorption band where one should be can be used to rule out certain functional
groups. For example, as we will see later, if there is no strong absorption at about
1700 cm ™' due to the C=O0 stretch in a pure unknown compound, we can state with
certainty that the compound does not contain a C=O group and therefore is not a
ketone, aldehyde, amide, ester, or carboxylic acid.
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Because the IR spectrum of each compound is unique, matching the IR spectrum of
an unknown peak for peak to a reference spectrum of a known material is a very good way
to identify the unknown. This is often done with the aid of computerized spectral libraries
and search routines, as we saw for the polymer laminate (Fig. 4.28). A number of
companies, instrument manufacturers, government agencies, and other sources publish
collections of reference spectra in electronic format and in hardcopy. These spectral
databases may contain spectra of more than 200,000 compounds, with subsets of the
database available for specific fields of endeavor, such as environmental chemistry, phar-
maceuticals, polymers, and forensic science. The unknown spectrum or some predeter-
mined number of the strongest absorption bands from the unknown spectrum may be
entered into a computerized search routine, which compares the unknown with stored
spectra. It then retrieves all compounds from the database that may match the unknown
spectrum, assigning a goodness-of-fit or probability to the suggested matches. The
analyst then identifies the spectrum of the unknown based on spectral matching and chemi-
cal knowledge of the sample to rule out improbable compounds suggested by the search
routine. A short list of reference spectra suppliers is located at the end of the bibliography.
Most large spectral databases are expensive to buy. Many small companies or individuals
can now access these by a “pay for what you use” approach. The KnowItAll™ system
from the Informatics Division, Bio-Rad Laboratories (www.bio-rad.com) and the FTIR-
search.com system from ThermoGalactic and ThermoNicolet (www.thermo.com or
www.ftirsearch.com) are two examples of this very new and cost-effective approach to
spectral matching. In addition, there are some free databases that allow the user to view
spectra of known compounds. These sources include FTIR and FTNMR spectra from
Sigma-Aldrich (www.sigma-aldrich.com), gas-phase IR spectra from NIST in the US
(www.nist.gov), and a comprehensive spectral database, including IR spectra, from the
Japanese National Institute of Advanced Industrial Science and Technology (www.aist.
20.jp/RIODB /SDBS /menu-e.html). If a database or spectral library is not available or
the spectra do not match exactly, the analyst must try to identify the compound from its
spectrum. Even when electronic databases are available, it is useful for the analyst to
understand how to look at and interpret an IR spectrum. This process is described sub-
sequently for common classes of organic compounds. Only a limited number of examples
of the most common types of compounds are discussed here. For detailed basic IR spectral
interpretation, the texts by Colthup et al., Pavia et al., Lambert et al., or Silverstein and
Webster should be consulted. The ability to interpret an IR spectrum and deduce molecular
structure requires a great deal of practice and experience as well as detailed correlation
tables and knowledge of organic chemistry and molecular geometry. But even experienced
analysts never try to assign every peak in an IR spectrum!

The first region to look at is the 4000—1300 cm ™! region, called the functional group
region. This is the region where strong absorptions due to stretching from the hydroxyl,
amine, carbonyl, and CH, groups occur. The region also has areas of weak absorptions
that are nonetheless very informative. The 2000—1660 cm™ ' region will show a set of
weak overtone/combination bands if an aromatic ring is present. The intensity pattern of
these weak bands can identify how the ring is substituted (i.e., ortho, meta, or para). Weak
absorptions from triple bonds occur in this region, identifying alkynes (C=C), cyano
groups (C==N), and diazonium salts (N==N); also occurring in the region are absorptions
by single bonded heteroatom groups such as S—H, Si—H, and P—H.

The region 1300—910 cm™ ' is called the fingerprint region because the complex
absorption patterns are really what make the IR spectrum unique—a molecular “finger-
print”. These absorptions are not easily interpreted because they arise from interactions
between vibrations. There are some very important bands in this region, especially the
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C—C—O0 band of alcohols and the C—O—C band of esters. These should be confirmed
in conjunction with the appropriate bands (OH or C=0) in the functional group region of
the spectrum.

The low frequency end of the spectrum, 910—650 cm ™', is sometimes called the
aromatic region. If there are no strong absorptions in this region, the structure is probably
not aromatic. Strong absorptions in this region are due to oop bending of aromatic ring
C—H bonds. Broad absorption bands in this region are usually due to nonaromatic
amines and amides or due to carboxylic acid dimers. Below 800 cm ™', absorption due
to C—Cl and C—Br bonds occurs.

Before trying to interpret an IR spectrum, there are some things the analyst should
note. The method of collecting the spectrum should be stated—mull, thin film, KBr pellet,
solution, and the solvent—because the appearance of the spectrum may change as has
been discussed earlier. The analyst should compare reference spectra collected under
the same conditions when possible. Older spectra were printed with the spectrum dis-
played linear in wavelength (on the x-axis); modern grating and FTIR spectra are generally
plotted linear in wavenumber. The two plots look very different for the same spectrum; for
example, bands will appear to have expanded or contracted depending on their position in
the spectrum. It is important that the analyst pay attention to the scale when comparing
spectra from the older literature. It should also be noted that in grating IR spectra, the
scaling changes at 5 wm. The spectrum should be of a pure compound (at least 95%
pure when possible), should have adequate intensity and resolution, and should have
been collected on a wavelength-calibrated instrument in order for the interpretation to
be useful. The y-axis units should also be noted. Until recently, the y-axis for IR absorption
spectra was “Transmittance” or “% Transmittance”, with 100%T at the top of the spec-
trum. Transmittance is the ratio of radiant power transmitted by the sample to the
radiant power incident on the sample, P/Pq or I/1y. 100%T is the transmittance multiplied
by 100. Transmittance ranges from 0 to 1.0; %7 ranges from 0 to 100. The absorption
peaks therefore are pointing toward the bottom of the spectrum as printed. The y-axis
could be given in A, where A is defined as = —log 7. If 0.00 absorbance is at the top of
the y-axis, the spectrum is similar to the standard %7 plot, but the contrast between
strong and weak bands is not as good because A ranges from infinity to 0. However,
it is becoming more common to see IR spectra plotted with A on the y-axis and with
0.00 A at the bottom of the y-axis, resulting in the peaks pointing up to the top of the
plot. This is the inverse of the traditional %7 spectrum. One reason for this is that
Raman spectra are plotted with peak intensity increasing from bottom to top of the
plot; having the complementary IR spectrum in the same format may make comparisons
easier.

4.6.1.1. Hydrocarbons

Alkanes, alkenes, and alkynes. Figure 4.32 is the IR spectrum of n-hexane, a
typical straight-chain hydrocarbon with only single C—C and C—H bonds. A hydrocarbon
with all single C—C bonds is called an alkane or paraffin. All of the absorption bands in the
spectrum of hexane or any other alkane must be due to the stretching or bending of C—H
and C—C bonds, since these are the only types of bonds in the molecule. The C—C stretch-
ing vibrations are weak and are widely distributed across the fingerprint region; they are not
useful for identification. The C—C bending vibrations generally occur below 500 cm ™ ';
they also are not useful for identification. Therefore in the IR spectrum of an alkane,
all of the bands observed are due to stretching and bending of C—H bonds. The approxi-

mate frequencies of some common C—H vibrational modes are given in Table 4.7. The
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Figure 4.32 Hexane, C¢H;4, a normal alkane. (Copyright Bio-Rad Laboratories, Informatics
Division, Sadtler Software and Databases, 1999. All rights reserved.)

notation sym for symmetrical and asym for asymmetrical will be used in the charts. A
horizontal arrow between atoms indicates a stretch, with C — H symbolizing a C—H
stretch; a vertical arrow between two atoms indicates a bending mode, with C | H used
for a C—H bend. (The arrows do not specify the type of bend or the symmetry of the
vibrational mode.) The relative strengths of the bands are not the same for all vibrations
and the intensity of the absorptions provides valuable information about structure. The
abbreviations for intensity used in the tables are: s, strong; m, medium; w, weak. Peaks
not marked are of variable intensity depending on the structure of the molecule.

We can assign the peaks in the n-hexane spectrum by looking at the table. The
band between 2840 and 3000 cm ™' contains peaks from the symmetric and asymmetric
stretching of the methyl C—H and methylene C—H bonds. The band at about
1460 cm ™' is due to the overlapped asymmetric methyl bend and the methylene
bending mode called scissoring. The symmetric methyl bend is located at 1375 cm ™',
while the peak at 725 cm™ ' is due to the methylene “rocking” bending mode. This band
only appears if there are four or more adjacent methylene groups in an acyclic chain. These
peaks are seen in the spectrum of any straight-chain alkane, regardless of the number of
C—C and C—H bonds. Mineral oil, also known as Nujol®, is a paraffin oil often used

Table 4.7 Alkanes

Vibrational mode and

Functional group strength Wavenumber (cm™!)
Methyl (—CHj;) C—H stretching, s 2870 (sym); 2960 (asym)
Methylene (—CH,—) C—H stretching, s 2860 (sym); 2930 (asym)
Methyl (—CH3) Bending, m 1375 (sym); 1450 (asym)
Methylene (—CH,—) Bending, m 1465; 720 (if four or more CH,
(scissoring, rocking) groups in an open chain); weak
bands in the 1100—1350 region
gem-Dimethyl* Bending, m Doublet (two peaks); 1380—1390
and 1365-1370
Aldehyde (—CHO)® Aldehydic C—H 2690-2830 (two peaks often seen)
stretching, m
Aldehyde (—CHO)® Aldehydic C—H 1390
bending, m

“The term gem-dimethyl refers to two methyl groups attached to the same carbon atom, such as in an
isopropyl group.
"An aldehyde group has a hydrogen bonded to a carbon atom that also has double bond to the oxygen atom.
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Figure 4.33 Cyclohexane, C¢H;», a cyclic alkane. The structure shown on the spectrum is the
typical shorthand notation—each point of the hexagon is a CH, group and the sides of the

hexagon are the single covalent bonds between the six CH, groups. (Copyright Bio-Rad Labora-
tories, Informatics Division, Sadtler Software and Databases, 1999. All rights reserved.)

for preparing mulls of solids for IR analysis. The peaks seen in the IR spectrum of mineral
oil are virtually identical to those in hexane. The other regions of the IR spectrum are
“clear”, so that other functional groups can be observed without interference.

Figure 4.33 shows the spectrum of cyclohexane, a cyclic alkane that has no methyl
groups, only methylene groups. Cyclic alkanes show similar absorption peaks to the
straight-chain (acyclic) alkanes. Note the differences in this spectrum compared with
that of hexane. The C—H stretching band appears narrower (no broadening due to
overlap of CHj stretches with the methylene stretches), the two peaks clearly match the
methylene peaks listed in the table (lower wavenumber than the corresponding methyl
peaks), there is no peak at 1375 cm ™' which confirms the absence of methyl groups,
and there are two peaks at about 900 and 860 cm™ ' due to ring deformation. The band
at 725 cm” ' is also missing, because there is not an open long chain of methylene groups.

Aliphatic hydrocarbons containing one or more C=C double bonds are called
alkenes or olefins. The IR spectra of alkenes contain many more peaks than those of
alkanes. The major peaks of interest are due to the stretching and bending of the C—H
and C=C bonds shown in Table 4.8, but the position and intensity of these vibrations
is affected by the substituents on the C=C carbons. This includes the geometry of sub-
stitution, cis vs. trans, for example. In addition to the vibrations themselves, many of
the strong vibrations give rise to overtones, adding to the complexity of the spectrum.

A strong bending mode at 900 cm ™' may give rise to an overtone at about 1800 cm ™.

Table 4.8 Alkenes and Alkynes

Vibrational mode and

Functional group strength Wavenumber (cm ')
C=C—H Stretching, w 3000-3040

C=C | H Bending, s (oop) 650-1000

C=CH, Vinyl stretching, m 2990 (sym), 3085 (asym)

C=CH, Vinyl bending, s 910, 990

C=C—-H Stretching, s 3285-3320

C=C|H Bending, s 610-680

C=»C C=C stretching, s* 1600-1680

C=»C C=C stretching, m-w* 2120 (terminal); 2200 (nonterminal)

“The C=C and C=C stretch is weak or absent in symmetric molecules.



266 Chapter 4

The C=C stretch in alkenes occurs in the region noted in the table. If the molecule is sym-
metrically substituted about the C=C bond, no change in dipole moment occurs and the
band will not appear in the IR spectrum. Molecules that are close to symmetrical, such as
those with symmetrically disubstituted C=C bonds, may show only a weak absorption
for the C=C stretch. The position of the C=C stretch shifts if the bond is in a ring or
exocyclic to a ring, with the shift depending on the size of the ring. Clearly, the spectrum
of an alkene can provide many clues to the structure of the molecule. The oop bending
mode for the =C—H bond is often the strongest band in the spectrum of an alkene.

The spectrum shown in Fig. 4.34 is that of an olefin, 1-decene. Looking at the C—H
stretch region, it should be noted that the weak but sharp absorption above 3000 cm ™' is
due to the olefinic =C—H stretch. The olefinic C—H bends occur at 910 and 990 cm ™
and the C=C stretch at about 1640 cm ™' is typical of a monosubstituted olefin.

Figure 4.35 is the spectrum of an alkyne, 1-hexyne. Alkynes contain at least one
carbon—carbon triple bond, denoted as C=C. The carbon triple bond peak appears in
the region 2100—2200 cm ™', depending on its position in the molecule. Very few other
functional groups absorb in this region; nitrile, C==N, is probably the most common.
Other less common groups that can absorb in the 2000—2500 cm ™' range are isocyanates
and other nitrogen-containing conjugated double bond systems, and molecules with P—H
or Si—H bonds. As is the case with the C=C stretch, symmetrical or nearly symmetrical
substitution on the C=C carbons will result in a weak or missing band. The other
important peak in the spectrum of a terminal alkyne is the =C—H stretch, occurring
near 3300 cm ™.

Aromatic hydrocarbons. Aromatic compounds are those in which some valence
electrons are delocalized over the molecule, as opposed to aliphatic compounds with
localized electron pairs in covalent bonds. A typical example of an aromatic compound
is benzene, a six-membered carbon ring. All the carbon atoms have sp” hybridization,
giving a planar ring. The six remaining p orbitals overlap above and below the plane of
the ring to give a “ring” of delocalized electrons. This can be contrasted with cyclohexane,
also a six-membered carbon ring where all the carbons are sp” hybridized. The ring is not
planar, and the electrons can be considered to be localized in pairs in the covalent bonds
between the atoms. Cyclohexane is aliphatic while benzene is aromatic. Cyclohexane is
often shown as a plain hexagon (Fig. 4.33); aromatic rings such as benzene may be
shown either with a circle in the middle of the hexagon to denote the ring of delocalized
electrons or in the older “resonance” format. Benzene can be drawn, as it is in Fig. 4.36,
with three double bonds to account for the six delocalized electrons. The three bonds
can be shifted by one position each clockwise in the ring, giving an equivalent structure.
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Figure 4.34 1-Decene, CjgHy, a linear alkene. (Copyright Bio-Rad Laboratories, Informatics
Division, Sadtler Software and Databases, 1999. All rights reserved.)
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Figure 4.35 1-Hexyne, C¢Hyo, an alkyne. (Copyright Bio-Rad Laboratories, Informatics
Division, Sadtler Software and Databases, 1999. All rights reserved.)

The two equivalent structures, which differ only in the location of the double bonds, are
called resonance structures. The student should remember that there are no real double
bonds in an aromatic ring; the drawing is just a convention.

Aromatic hydrocarbons have many IR active vibrations, resulting in complex
spectra. The C — H aromatic absorption occurs above 3000 cm ™', but in the same
region as that for alkenes. The aromatic bands are often weak or appear as shoulders on
the aliphatic bands. More useful for structural identification are the aromatic C=C ring
stretching absorptions in the 1400—1600 cm ™' region which often appear as doublets
and the aromatic C | H oop bands in the 690—900 cm ™' region. These oop bending
peaks are very strong and result in weak overtone and combination bands between 1660
and 2000 cm ™', The exact frequencies and intensities of these peaks are very dependent
on substitution of the ring. Table 4.9 lists these ring deformation modes used to identify
the positions substituted on a single benzene ring. The IR spectrum of benzene itself
is shown in Fig. 4.36.

Figure 4.37 depicts the overtone peaks in the 1660—2000 cm ' region for sub-
stituted benzene rings. The number of peaks and peak intensities are very characteristic
for the substitution on the ring and are used in conjunction with the oop bending infor-
mation in a spectrum to confirm the location of substituents. Table 4.9 and Fig. 4.37
may not hold for aromatic rings with very polar groups such as acids and nitro groups
attached directly to the ring.
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Figure 4.36 Benzene, C¢Hg, an aromatic hydrocarbon. The structure shown on the spectrum is
one way of representing the delocalized electrons; they can be shown as three double bonds in
one of two resonance structures. A more accurate way of representing them is to draw a circle
inside the hexagon, with the circle representing the six delocalized electrons in the molecular
orbital. (Copyright Bio-Rad Laboratories, Informatics Division, Sadtler Software and Databases,
1999. All rights reserved.)
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Table 4.9 Aromatic C—H Ring Deformation Modes and Benzene
Ring Substitution

Substitution positions

Wavenumber (cm ™)

Band strength

Monosubstitution

1,2 Disubstitution (ortho)
1,3 Disubstitution (meta)

1,4 Disubstitution (para)
1,2,3 Trisubstitution

1,2,4 Trisubstitution

1,3,5 Trisubstitution

730-770
680-720
740-770
860—-890
760-810
680-710
800-855
740-790
680-720
860—-900
790-830
820-910
670-700
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Spectra for several aromatic compounds are shown in Figs. 4.38—-4.41. Note the aro-
matic C—H stretch in these spectra—a sharp peak just above 3000 cm ™ '. Just to the right,
in the 2900 cm ' region, are the methyl C—H stretching bands. Toluene clearly shows the
pattern of four peaks in the 1650—2000 cm ™' region and the pair of strong peaks for the
oop C—H bend at about 690 and 740 cm ™' expected for a monosubstituted benzene ring.
o-Xylene shows only a single strong oop C—H bend at about 745 cm™ ', as expec-

ted from the table, and the pattern in the 1650-2000 cm™!

region matches that in

Fig. 4.37 for an ortho substitution pattern. The student should compare the m-xylene
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Figure 4.38 Toluene. (Copyright Bio-Rad Laboratories, Informatics Division, Sadtler Software
and Databases, 1999. All rights reserved.)

and p-xylene spectra with Fig. 4.37 and Table 4.9 as has been done for toluene and
o-xylene. Can you distinguish all four compounds based on their IR spectra?

Figure 4.1, the first spectrum in this chapter, is that of polystyrene. Polystyrene is a
polymer containing a monosubstituted benzene ring in each repeating unit. There is a pair
of strong peaks between 700 and 800 cm ', characteristic of the monosubstituted oop
bending pattern. The overtone pattern of four peaks in the 2000—1650 cm ™' region
confirms that the ring is monosubstituted. The sharp peaks on the far left of the CH
stretch area occur at >3000 cm™ ', indicative of a bond between hydrogen and the
sp> hybridized carbon found in aromatic and alkene compounds. The peaks in the
1400—1500 cm ™! region are the aromatic C=C stretching bands.

4.6.1.2. Organic Compounds with C—O Bonds

There are many classes of organic compounds that contain carbon—oxygen bonds,
including alcohols, carboxylic acids, ethers, peroxides, aldehydes, ketones, esters, and
acid anhydrides. Not all classes of compounds are included in the following discussion,
so the interested student is advised to look at the more detailed references already
mentioned for additional information.

Alcohols and carboxylic acids. Alcohols are organic compounds that contain an
OH group bonded to carbon. Aromatic alcohols, with an OH group substituted on a
benzene ring, are called phenols. Carboxylic acids contain an OH group bonded to a
carbon that also has a double-bond to a second oxygen atom; the functional group
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Figure 4.39 o-Xylene. (Copyright Bio-Rad Laboratories, Informatics Division, Sadtler Software
and Databases, 1999. All rights reserved.)
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Figure 4.40 m-Xylene. (Copyright Bio-Rad Laboratories, Informatics Division, Sadtler Software
and Databases, 1999. All rights reserved.)

is written as COOH, but it must be remembered that the OH group is attached to the carbon
atom, not to the other oxygen atom: —C—O—TH.

|

Carboxylic acids also show a veryOdistinctive absorption band due to the carbonyl
C=0 group. Typical absorption frequencies for the OH group and related C—O
vibrations in alcohols and carboxylic acids are shown in Table 4.10. Carbonyl frequencies
are given in Table 4.11.

The appearance and frequency of the OH stretching band is very dependent on
hydrogen bonding. Hydrogen bonding is an attractive force between a hydrogen atom
bonded to either oxygen or nitrogen and a nearby electronegative oxygen or nitrogen
atom. Hydrogen bonding may occur between molecules (intermolecular) or within the
same molecule if the geometry permits (intramolecular). The force is weaker than a
covalent bond, but is the strongest of the intermolecular attractive forces (van der
Waals forces). A hydrogen bond is depicted as O—H---N or O—H--- O, where the
dotted line indicates the hydrogen bond and the solid dash a covalent bond. Alcohols
and carboxylic acids are capable of intermolecular hydrogen bonding unless prevented
by steric hindrance. The OH band in neat (pure) aliphatic alcohols appears broad and cen-
tered at about 3300 cm ™' due to intermolecular hydrogen bonding. In very dilute solutions
of these compounds in a nonpolar solvent or in the gas phase, there is minimal hydrogen
bonding; the OH band then appears “free” as a sharp peak at about 3600 cm ™ '. The free
OH peak shifts to slightly lower frequency, by about 10 cm ™', in the order 1° > 2° > 3°
for aliphatic alcohols. The free OH band in phenols appears slightly below that for a 3°
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Figure 4.41 p-Xylene. (Copyright Bio-Rad Laboratories, Informatics Division, Sadtler Software
and Databases, 1999. All rights reserved.)
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Table 4.10 OH and Related C—O Group Frequencies for Alcohols and Carboxylic

Acids

Functional group

Vibrational mode and strength

Wavenumber (cm 1)

Aliphatic alcohols
CO—H

C—O|H

cC—C—-0
Phenols

CO—H

C—O | H
c—C—-0
Carboxylic acids
CO—H
C—O | H

c—C—-0

OH stretch (free), s

OH stretch (hydrogen-bonded), s

C—O—H bend, w

C—C—O stretch (out-of-phase, asym), s

OH stretch (free), s

OH stretch (hydrogen-bonded), s

C—O—H bend, s

C—C—oO stretch (oop, asym), s

OH stretch (free)

OH stretch (hydrogen-bonded), s
C—O—H bend (in-plane), m
C—O—H bend (dimer, oop), m
C—C—O stretch (dimer), m

Not usually observed
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aliphatic alcohol, again by about 10 cm™'. Carboxylic acids generally exist as dimers
in all but extremely dilute solutions; most acids show only the broad hydrogen-bonded
band listed in Table 4.10. The H-bonded OH band in phenols is about 100 cm '
lower than that for aliphatic alcohols and even lower for carboxylic acids, as seen in
Table 4.10. The C—O—H bend is strong and broad in phenols, as is the C—O stretch.
The C—O stretch is also very useful for structural diagnosis of alcohols. The band is
due to the C—O stretch coupled to the C—C stretch, and is called an oop or asymmetric
stretch in some references. The band shifts position in aliphatic alcohols depending on the

substitution on the OH-bearing carbon. The band increases in frequency by about 50 cm™

Table 4.11 Carbonyl Stretching Frequencies for Selected Compound

Classes

Vibrational mode

Wavenumber (cm ™)

Functional group and strength (+10em™h
Aldehydes
Aliphatic C = O C=0 stretch, s 1730
Aromatic C = O C=0 stretch, s 1690
Amides
C=0 C=0 stretch, s 1690
Carboxylic acids
Aliphatic C = O C=0 stretch (dimer), s 1710
Aromatic C = O C=0 stretch, s 1690
Esters
Aliphatic C = O C=O0 stretch, s 1745
Aromatic C = O C=0 stretch, s 1725
Ketones
Aliphatic C = O C=O0 stretch, s 1710
Aromatic C = O C=0 stretch, s 1690

1
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in the order 1° < 2° < 3°. As noted, the band is strong and broad in phenols and is shifted
about 50 cm ™! higher than a 3° aliphatic alcohol. This C—O band is shifted to a lower
frequency by about 100—200 cm ' in aromatic carboxylic acids from the position
given in Table 4.10. Note that the characteristic bands for a carboxylic acid arise from
its existence as a dimer due to strong intermolecular hydrogen bonding.

The spectrum of neat ethanol is shown in Fig. 4.42(a). This spectrum was collected
from a thin liquid film of ethanol between salt plates. The broad hydrogen-bonded OH
stretch covers the region from 3100 to 3600 cm_l, centered at about 3350 cm ™~ '. The
strong C—C—O stretch at 1048 cm ™' is characteristic of a primary alcohol. Coupling
of the weak OH bend to the methylene bending mode and overlap of the methyl
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Figure 4.42 (a) IR spectrum of ethanol, collected as a liquid film between salt plates. [Courtesy of
http: //www.aist.go.jp/RIODB/SDBS.] (b) IR spectrum of ethanol vapor. [Courtesy of NIST (http:/
webbook.nist.gov/chemistry).] Note the difference in the position and appearance of the OH band in
the hydrogen-bonded liquid vs. the non-hydrogen-bonded gas phase.
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Figure 4.43 Phenol. (Copyright Bio-Rad Laboratories, Informatics Division, Sadtler Software
and Databases, 1999. All rights reserved.)

bending vibrations gives the broad, weak peaks between 1200 and 1500 cm™'.

Figure 4.42(b) is the spectrum of ethanol in the gas phase. Note the dramatic change in
the OH stretch peak. It is shifted to 3650 cm ™' and is now very sharp, because there is
no significant hydrogen bonding in the gas phase.

Figure 4.43 shows the absorption spectrum of phenol. Phenol has one OH group
substituted on a benzene ring, so you need to consider not only the peaks in Table 4.10,
but also Table 4.9 and the earlier discussion of aromatic hydrocarbons. Note that the
CO — H is very broad due to hydrogen bonding and the C — H at about 3050 cm ™',
on the right side of the OH band, is a short sharp peak typical of aromatics. The
C—C — O band appears at about 1225 cm ™', shifted up from the position in ethanol, a
primary alcohol, as expected. The broad, moderately strong band at about 1350 cm ™' is
the C—O—H bend. The sharp peaks between 1450 and 1600 cm ™' are from stretching
of the aromatic ring carbon bonds; note that there is a doublet, as previously discussed.
Characteristic bands at 745 and 895 cm ™' and the pattern of four peaks between 1650
and 2000 cm ™" typify a monosubstituted benzene.

Figure 4.44 is the spectrum of heptanoic acid, an aliphatic carboxylic acid. As
expected from the table, the broad OH band appears below that of phenol, centered at
about 2900 cm~'. The C—H stretching bands from the methyl and methylene groups
occur in the same region; they are the peaks sticking out at the bottom of the broad OH
band. The appearance of this region is very characteristic of an aliphatic carboxylic
acid. The strong band at 1710 cm ! is due to the C=O0 stretch, discussed in the next
section. The peak at 1410cm™ ' is the in-plane C—O—H bend and that about
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Figure 4.44 Heptanoic acid. (Copyright Bio-Rad Laboratories, Informatics Division, Sadtler
Software and Databases, 1999. All rights reserved.)
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930 cm ™' is the oop C—O—H bend. The C—C—O stretch from the dimer is at
1280 cm ™.

Carboxylic acids, esters, ketones, and aldehydes. These compounds, along
with acid anhydrides, acid halides, amides, and others, all possess a double bond
between carbon and oxygen, C=O0, called a carbonyl group. The IR spectra of these
compounds are easily recognized from the very strong C = O stretching band between
1650 and 1850 cm™'. The position of this band is very characteristic of the class of
compound.

The carbonyl stretch position depends on its environment; electronegative substitu-
ents, the position of substituents relative to the C=O0 bond, position in a ring and the size
of the ring, resonance, conjugation, and both intermolecular and intermolecular hydrogen
bonding affect the vibrational frequency. The band is usually extremely strong. The use of
related bands can narrow the possible chemical class of an unknown; for example, an ester
will also show a characteristic C—O—C stretch, an acid halide will show the C—X band, a
carboxylic acid will show an OH band, amides will show the NH stretch bands, and so on.
Only a few examples of the huge variety of carbonyl-containing compounds will be
discussed.

The spectrum for acetone is shown in Fig. 4.45. Acetone is a ketone. The most
intense peak in the spectrum is the C=O0 stretching band at 1710 cm ™' (Table 4.11).
The peak at 1200 cm™ ' is due to bending of the carbonyl group. The peaks between
1350 and 1450 cm ™' and the peaks around 2900 cm ™' are the C—H bend and stretch
modes, respectively. The C—H peaks tell us something more. The low intensity of the
CH stretch band and the lack of a “long chain” band tell us we have no long aliphatic
chains and few methyl groups in the molecule. What is the small, sharp peak at
3400 cm ™' due to? Remember that it is possible to see overtones (generally approximately
whole number multiples of a given frequency) and combinations of strong bands in a spec-
trum. The peak at 3400 cm ™' is an overtone of the intense C=O band at 1710 cm™~'. The
analyst needs to keep these possibilities in mind when interpreting a spectrum.

The spectrum for 3-phenylpropionaldehyde (Fig. 4.46) shows a variety of features
and is quite complex. This compound is an aldehyde (hence its name), and contains an
aromatic ring and a short aliphatic chain. The aldehyde functional group, —CHO, has
the structure —C—H, as shown on the spectrum.

0]
The most intense band is the C=0 stretch, at 1730 cm_l, indicating that the alde-

hyde carbonyl is part of the aliphatic portion of the molecule. Looking at the C—H stretch-
ing region, the sharp aldehydic C—H bands appear at 2725 and 2825 cm ™~ '. The doublet
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Figure 4.45 Acetone. (Copyright Bio-Rad Laboratories, Informatics Division, Sadtler Software
and Databases, 1999. All rights reserved.)
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Figure 4.46 3-Phenylpropionaldehyde (or hydrocinnimaldehyde). (Copyright Bio-Rad Labora-
tories, Informatics Division, Sadtler Software and Databases, 1999. All rights reserved.)

appears due to resonance with an overtone of the aldehydic C—H bend at 1390 cm ™. This
is called Fermi resonance and is always seen in aldehydes. The sharp peaks above
3000 cm ™! are the aromatic C—H stretching peaks and the peaks between the aromatic
and aldehydic peaks are due to the aliphatic C—H stretches. The sharp peaks in the
1400—1600 cm ™' region are due to carbon—carbon aromatic ring stretches. The strong
peak near 700 cm ™~ is attributed to ring bending, and is seen in other substituted benzenes,
such as in Fig. 4.51, nitrobenzene.

The spectrum for heptanoic acid (Fig. 4.44) was already examined, but the student
should confirm that the position of the C=0 stretch is consistent with that for an aliphatic
carboxylic acid.

4.6.1.3. Nitrogen-Containing Organic Compounds

There are many classes of nitrogen-containing organic compounds, including amines,
nitriles, pyridines, azides, and others. In addition, there are a variety of classes of compounds
containing both nitrogen and oxygen, such as amides, oximes, nitrates, nitrites, and others.
Absorptions from NH, CN, NN, and NO vibrational modes result in many IR spectral
bands. The peaks listed in Table 4.12 are just a small sample of some of the bands in
nitrogen-containing compounds.

Primary amines have two modes of “bending” of the NH, group, a scissoring mode
and the low frequency wagging mode. Secondary amines have only one H on the nitrogen;
they cannot scissor, but display the NH “wagging” band also at low frequency. Tertiary
amines have no NH bands, and are characterized by C—N stretching modes in the
regions 1000—1200 cm™ ' and 700—900 cm™'. Primary, secondary, and tertiary amides
are similar to their amine counterparts with the addition, of course, of the C=0 stretching
band. In primary and secondary amides, the C=O0 stretch is often called the Amide I band,
while the adjacent NH combination band is called the Amide II band.

Figure 4.47 shows the spectrum of a primary aliphatic amine, represented generally
as RNH,. This is the spectrum of propylamine, C3H,NH,. The N—H stretch doublet
characteristic of a primary amine is seen at 3370 and 3291 cm™'; the primary NH
bends occur at 1610 and about 800 cm ™~ '. The C—N stretching band around 1100 cm ™!
is weak and not very useful. The rest of the bands are from C—H stretching and
bending, as expected. Figure 4.48 is the spectrum of a related compound, dipropylamine,
a secondary amine, (C3H7),NH or R,NH. Note the single NH stretch characteristic of a
secondary amine at 3293 cm”' and the expected shift to lower frequency of the
broad NH bend, from about 800 cm ™! in propylamine to 730 cm™'. The spectrum of
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Table 4.12 Frequencies of Selected Nitrogen-Containing Functional Groups

Functional group Vibrational mode and strength Wavenumber (cm ')

Aliphatic amines

Primary R—NH, N — H stretch (sym and asym), m 3300-3500 Doublet
Secondary R,NH N — H stretch, w 3300 Singlet
Tertiary R3N No NH
Primary R—NH, N | H bend, s 1550-1650; 800
Secondary R,NH N | H bend, s 700
Tertiary R3N No NH
Aromatic amines
Primary Ar—NH, N — H stretch, m 3500
Secondary Ar,NH N — H stretch, m 3400
Tertiary ArsN No NH
Primary Ar—NH, N | H bend, s-m 1620, 650
Nitriles, isonitriles
C—C=N C==N stretch, w-m 2220-2260
C—N=C N=C stretch, w-m 2110-2180
Nitro compounds
Aliphatic RNO, NO, stretch, asym, s 1530-1580
NO; stretch, sym, s 1350-1390
Aromatic ArNO, NO, stretch, asym, s 1500-1550
NO, stretch, sym, s 1285-1350
Nitrates RONO, NO; stretch, asym, s 1620-1650
NO, stretch, sym, s 1280
Azides N==N stretch, m 2140

tripropylamine, a tertiary amine with the formula (C3H;);3N, is presented in Fig. 4.49. Note
the absence of the NH stretch and bend bands since there is no N—H group in a tertiary
amine, R3N. The peaks observed are due to C—H stretches and bends, both methyl and
methylene, and a C—N stretch at about 1100 cm” L

The spectrum in Fig. 4.50 is that of butyronitrile, CH;CH,CH,C==N. Note the
characteristic sharp C=N stretch at 2260 cm ™ '. Figure 4.51 is the spectrum of nitroben-
zene, a monosubstituted benzene ring. The nitro group is very polar and attached directly
to the ring; the normal “rules” for substitution are not useful, as was mentioned earlier. The
peaks due to the nitro group are located at 1350 and 1510 cm ™', and the position of the

sharp aromatic C—H stretching peaks above 3100 cm ™' is typical of an aromatic ring,
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Figure 4.47 Propylamine. (Copyright Bio-Rad Laboratories, Informatics Division, Sadtler
Software and Databases, 1999. All rights reserved.)
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Figure 4.48 Dipropylamine. (Copyright Bio-Rad Laboratories, Informatics Division, Sadtler
Software and Databases, 1999. All rights reserved.)

but the overtone bands in the 1700—2000 cm ™' region do not show the expected monosub-
stitution pattern.

Amino acids. These are the building blocks of proteins and as such are very
important in biochemistry and natural products chemistry. As their name implies,
amino acids contain both an amine group and a carboxylic acid group, and are represented
as RCH(NH,)COOH. Amino acids exist as zwitterions, that is, the H ion from the acid pro-
tonates the basic amine group, resulting in the formation within a single molecule of a
positively charged ammonium cation and a negatively charged carboxylate anion. The
result is that the IR absorption spectrum of an amino acid has an appearance related to
salts of acids and salts of amines. Important absorption bands are as follows (Table 4.13).

The bands are broad and overlap with each other and with the CH bands. A broad
band at 2100 cm™ " often appears in these spectra. The spectrum of valine, Fig. 4.52,
shows the broad NH stretch overlapping the CH and OH bands (2600—3200 cm™');
trying to sort out the methyl and CH bands from the OH and NH bands is not practical.
The carbonyl stretch is typical of the carboxylate ion, shifted to a lower wavenumber
than a typical carbonyl stretch, broader and overlapped by the NH bend. The sym-
metric NH bend and symmetric carboxylate ion stretch can be seen at 1500 and
1400 cm ™, respectively.

4.6.1.4. Functional Groups Containing Heteroatoms

Halogenated compounds. The halogens F, Cl, Br, and I are usually represented in
organic formulas by the letter X, as in CHX5 for chloroform, CHCl; and bromoform,
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Figure 4.49 Tripropylamine. (Copyright Bio-Rad Laboratories, Informatics Division, Sadtler
Software and Databases, 1999. All rights reserved.)
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Figure 4.50 Butyronitrile. (Copyright Bio-Rad Laboratories, Informatics Division, Sadtler Soft-
ware and Databases, 1999. All rights reserved.)

CHBr3. The C — X stretch absorption bands occur in the fingerprint and aromatic regions
and are quite strong (Table 4.14). Several halogen atoms on the same C atom cause an
increase in absorption intensity, more absorption peaks and a shift to higher wavenumbers
(higher frequency or shorter wavelength) for the C—X stretch.

Compounds containing the —CH,X group, where X = Cl, Br, or I have a C—H
bending mode that occurs in the 1150—1280 cm™ ' region. Absorption due to this bend
can be quite strong. As is to be expected, the overtones of the very strong stretch and
bend modes may often be observed, at twice the wavenumber of the fundamental band.
The spectrum shown in Fig. 4.53 is of chloroform, CHCl;. The bands for C — H at
3000 cm™ ', C | H (from the —CH,X group) at 1200 cm ™' and the very strong, broad
C — Cl at 760 cm ™! can be seen. Overtones (weak) at about 1510 and 2400 cm ! are
also visible.

Sulfur, phosphorus, and silicon compounds. Some absorption bands of the
heteroatoms S, P, and Si commonly seen in organic compounds are listed in Tables
4.15-4.17. There are many classes of compounds containing S, P, and Si atoms; detailed
discussions of these compounds may be found in the texts already recommended.

Little information is obtained on sulfides or disulfides in the IR region. The com-
pound carbon disulfide, S=C=S, is a thiocarbonyl, but atypical. It shows an intense
band at about 1500 cm ™!, as seen in Fig. 4.54, but the rest of the IR region is clear,
making CS, a useful IR solvent. Figure 4.55 is the spectrum of benzylmercaptan and
shows the SH stretch between 2500 and 2600 cm™ ', along with the expected aromatic
ring peaks and the characteristic monosubstituted benzene pattern between 1600 and
2000 cm~'. While the SH stretch is weak in the IR spectrum, it is strong in the Raman
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Figure 4.51 Nitrobenzene. (Copyright Bio-Rad Laboratories, Informatics Division, Sadtler Soft-
ware and Databases, 1999. All rights reserved.)
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Table 4.13 Amino Acid Absorptions

Vibrational mode

Functional group and strength Wavenumber (cm™ ')
Amine cation, RNH3+ N —H,s 2700-3100

Amine cation, RNHF NJ|Hs 1600 (asym); 1500 (sym)
Carboxylate ion CO; ion stretch, s 1600 (asym); 1400 (sym)

spectrum, indicating the complementary nature of the two techniques, as discussed later in
the chapter.

One reason for concern about the IR absorption of organosilicon compounds is that
silicone polymers are widely used in many laboratories and in many consumer products.
Silicone lubricants, greases, caulks, plastic tubing, and o-rings may dissolve in the solvents
used for IR absorption or may contaminate samples extracted in an apparatus that uses
silicone polymer o-rings or lubricants. Hand cream, moisturizers, hair care products,
and lubricants in protective gloves and similar products often contain silicones, so the
analyst may contaminate the sample. Many common silicones are poly(dimethyl-
siloxanes), polymers with long Si—O—Si—O chains and two methyl groups on each Si
atom. The methyl CH stretch is usually very sharp, the major peak is a strong broad
band (doublet) between 1000 and 1100 cm~ ! due to the Si—O—Si stretch and the
Si—C stretch appears at about 800 cm ™.

Now that you have a basic understanding of the information that is available in an IR
absorption spectrum, it is possible, with some additional information, to work out the
likely structure of an unknown for small molecules (MW < 300). For unknowns where
the molecular weight has been determined by mass spectrometry the analyst generally
takes the following approach.

Using the IR spectrum,

1. Identify the major functional groups present from the strong absorption peaks in
the spectrum, for example, C=0, C—OH, NH,, C—0, NO,, C==N, etc. Note
their formula weight (FW).

2. Identify if the compound is aromatic (look for the out of plane bends in the
region below 900cm ' and the sharp but weak CH stretch above
3000 cm ™~ '). Remember that the “aromatic region” also may have bands due
to the halogens Cl and Br—these are important to identify.
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Figure 4.52 Valine. (Copyright Bio-Rad Laboratories, Informatics Division, Sadtler Software
and Databases, 1999.)
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Table 4.14 Halogen-Containing Functional Groups

Functional group Vibrational mode and strength Wavenumber (cm ")

Aliphatic halide C—Fs 720-1400
C—Cls 530-800
C—Brs 510-690
C—1s >600

Aromatic halide® C—Fs 1100-1250
C—ClLs 1000-1100
C—Brs 1000-1090

“The halide atom is substituted directly on a carbon atom in an aromatic ring.

3. Subtract FW of all functional groups identified from the given molecular weight
of the compound.

4. Look for the other unique CH bands, such as aldehyde and vinyl. Look for the
C==C and C==C stretching peaks.

5. Accommodate the difference between step 3 and the molecular weight as ali-
phatic or aromatic hydrocarbon components, depending on your answers
from steps 2 and 4.

For example, an unknown has been determined to have a molecular weight of 94. The IR
spectrum shows absorptions due to OH and a monosubstituted aromatic ring pattern. The
OH group has a formula weight of 17. Subtracting 17 from the MW of 94 leaves 77 mass
units to be accounted for. The FW of a benzene ring minus a hydrogen atom is 77, which is
consistent with the IR spectrum. The unknown structure is a benzene ring with one hydro-
gen replaced by an OH group—therefore it is probably phenol. (As an analyst, what other
tests can you do to prove that the unknown is phenol?)

Another IR spectrum of a compound with MW = 60 shows C = O and OH peaks
consistent with a carboxylic acid group, COOH. The FW of COOH = 45. Then,
MW — FW = 60 — 45 = 15. This does not give us too many possibilities—the 15 mass
units are due most likely to a CH; group. Hence, CH; and COOH give us acetic acid,
CH;COOH.

The third sample has MW = 147. The IR spectrum shows a very strong peak due
to an aromatic C—Cl stretch, and the rest of the IR spectrum is consistent with an aromatic
hydrocarbon and nothing else. A benzene ring minus one hydrogen has FW = 77. One Cl
atom FW = 35.5. That adds up to 112.5, leaving a difference of 34.5. This is an example
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Figure 4.53 Chloroform, CHCI; . (Copyright Bio-Rad Laboratories, Informatics Division, Sadtler
Software and Databases, 1999. All rights reserved.)
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Table 4.15 Frequencies in Select Sulfur Compounds

Functional group Vibrational mode and strength Wavenumber (cm ™)
Mercaptan, RSH S—Hw 2575

Sulfide, R,S C—>S,w >700; not useful
Disulfide, RSSR S—S >500; not observed
Thiocarbonyl, R,C=S C= S, w 1000-1250

Sulfoxide, R,S=0 S=0,s 1050

Sulfone, R,SO,* 0O=8S=0, s (note that there are two 1325 (asym); 1140 (sym)

other single bonds, not shown,
from the sulfur atom to the two R

groups)

“Many classes of compounds contain the O=S=0 group found in sulfones. These include sulfonyl chlorides, sul-
fonates, sulfonamides, and sulfonic acids and their salts. The exact positions of the symmetric and asymmetric
stretches vary for each class.

that demonstrates a limitation of IR spectroscopy. You know there is CI present from the
IR spectrum; you do not know how many Cl atoms there are. What if there are two CI
atoms substituted on the benzene ring? We need to subtract another hydrogen, giving
us an FW = 76 for the benzene ring minus 2 hydrogen atoms. Two Cl atoms = 2 x 35.
5=71.71476 = 147, the MW of the unknown. So the unknown is probably a dichloro-
benzene. We need to look at the 1600—2000 cm ™! region to determine if it is ortho, meta,
or para substituted.

These are very simple examples, but provide a plan of attack for the problems at the
end of the chapter. It is highly unlikely that an analyst can identify a complete unknown by
its IR spectrum alone (especially without the help of a spectral library database and com-
puterized search). For most molecules, not only the molecular weight, but also the elemen-
tal composition (empirical formula) from combustion analysis and other classical analysis
methods, the mass spectrum, proton and '>C NMR spectra, possibly heteroatom NMR
spectra (P, Si, and F), the UV spectrum, and other pieces of information may be required
for identification. From this data and calculations such as the unsaturation index, likely
possible structures can be worked out.

4.6.2. Quantitative Analyses by IR Spectrometry

The quantitative determination of various compounds by mid-IR absorption is based
on the measurement of the concentration of one of the functional groups of the analyte
compound. For example, if we have a mixture of hexane and hexanol, the hexanol

Table 4.16 Frequencies in Select Phosphorus Compounds

Functional group Vibrational mode and strength Wavenumber (cm ')
Phosphines, RPH, P—H m 2275-2350
PJH m 890-990
JPH,, m 1080; 900
Phosphine oxides P=0,s 1150-1200
Phosphate esters P=0,s 1250-1290

P—- O,m 720-850
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Table 4.17 Frequencies in Select Silicon Compounds

Functional group Vibrational mode and strength Wavenumber (cm ")
Si—X Si—F 800-1000
Si — Cl >650
Si—H Si— H, m 2100-2200
Si| H 850-950
Si—C Si— C,m 700-820
Si—O Si — OR, s 1000-1100
Si— O — Si,s 1000-1100
Si — OH, s 820-920

may be determined by measuring the intensity of absorption that takes place near
3300 cm ™' by the OH band. The spectrum of pure hexanol would be used to determine
the exact wavenumber corresponding to the absorption maximum. Alternatively, the
intensity of absorption due to the C — O at about 1100 cm ™' could be used. From this
the concentration of alcohol can be calculated, once the intensity from a set of hexanol
standards of known concentrations has been measured at the same wavenumber. When-
ever possible, an absorption band unique to the sample molecule should be used for
measuring purposes. This reduces the problem of overlapping bands, although there are
mathematical approaches for deconvoluting overlapping peaks. The quantitative calcu-
lation is based on Beer’s Law

A = abc (4.11)

where A is the absorbance; a, the absorptivity of the sample; b, the internal path length of
the sample cell; and c, the concentration of the solution.

If the same sample cells are used throughout, b is a constant. Also, the absorptivity a
is a property of the molecular species being determined and can be taken as a constant.
Therefore A is proportional to c¢. The intensity of the peak being measured in each
sample must be measured from the same baseline. Usually, a straight baseline is drawn
from one side of the peak to the other, or across multiple peaks or a given wavenumber
range, to correct for sloping background. Quantitative measurements are generally
made on samples in solution, because scattered radiation results in deviations from
Beer’s Law. KBr pellets have been used for quantitative work, but the linear working
range may be small due to light scatter if the pellets are not well-made. A hydraulic
press is recommended for preparation of pellets for quantitative analysis.
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Figure 4.54 Carbon disulfide, CS,. (Copyright Bio-Rad Laboratories, Informatics Division,
Sadtler Soflware and Databases, 1999. All rights reserved.)
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Figure 4.55 Benzylmercaptan. (Copyright Bio-Rad Laboratories, Informatics Division, Sadtler
Software and Databases, 1999. All rights reserved.)

To find the proportionality constant between A and c, calibration curves are con-
structed from measurements of intensity of absorption by solution standards at different
known concentrations of the analyte. From these data the relationship between absorption
and concentration is obtained. To carry out quantitative analysis, the absorbance A of a
sample of unknown concentration is measured. In comparison with the calibration
curve, the sample composition can be determined. Quantitative analysis using mid-IR
absorption is not as accurate as that using UV or visible absorption. The sample cells
for mid-IR absorption have much smaller path lengths than those for UV and must be
made with material transparent to IR radiation, such as NaCl or KBr. These materials
are very soft and easily etched by traces of water or distorted by clamping the cell together;
as a result, the sample path length may vary significantly from one sample to the next. In
quantitative analysis, A = abc, where b is the sample path length; hence any change in b
between samples or between samples and standards causes an error in the calculation of c,
the concentration of the analyte. In addition, nonlinear response is more of a problem in
the IR when dispersive spectrometers are used than in the UV /VIS, due to stray radiation,
external IR radiation, slit width (really the spectral bandpass) in regions of low source
intensity, or low detector response, among other causes. Nonlinear response means that
Beer’s Law is not obeyed, especially at high absorbance. Samples must often be diluted
to keep the absorbance below 0.8 for quantitative measurements with a dispersive instru-
ment. FTIR instruments do not suffer from stray or external radiation and they do not have
slits, so it might be expected that accurate absorbance measurements can be made on sol-
utions with absorbance values greater than 1.0. However, the detector and the apodization
function limit accuracy in FTIR instruments. It is still advisable to stay below 1.0 absor-
bance units for FTIR quantitative work. An external calibration curve covering the range
of concentrations expected in the samples should be used for the best accuracy, instead of
relying on a calculation of the proportionality factor from one standard. An example
of quantitative analysis by ATR is the determination of water in a polyglycol. The
wavelength measured, peak intensities, and Beer’s Law plot are displayed in Fig. 4.56.

Hydrocarbon contamination from oil, grease, and other sources in drinking water
and wastewater is determined quantitatively by extraction of the hydrocarbons and
measurement of the CH stretching band. The water is extracted with trichlorotrifluor-
oethane or other suitable solvent, the IR spectrum of the extracted solution is obtained
and the absorbance is measured at 2930 cm ™' after a baseline is drawn as described
earlier. A series of standards of known oil diluted in the same solvent is prepared as
the external calibration curve. The method can measure as little as 0.2 g oil/L of
water, with a precision of about 10% RSD. Precisions of 5—10% RSD are typical for
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Figure 4.56 (p. 284) (a) The IR spectra of a polyglycol with no water present and with 4% water.
The peak marked with an X is the O—H bend at 1640 cm™! that will be used for quantitation. (b)
Standards of the polyglycol containing 0.5-8% water were scanned and the spectra saved. The
spectra of the standard solutions were collected using a horizontal attenuated total reflectance
(HATR) liquid sample cell using a ZnSe crystal. All spectra were collected on a PerkinElmer Instru-
ments Paragon 1000 FTIR spectrometer at 8 cm™~ ' resolution. (c) The data from (b) were input into
the Spectrum® Beer’s Law quantitative analysis software. The calibration curve is shown. (Spec-
trum® is a registered trademark of PerkinElmer Instruments, Shelton, CT). (Data and spectra cour-
tesy of Pattacini, Pattacini Associates, LLC, Danbury, CT.)

IR measurements. The entire method can be found in Standard Methods for the Examin-
ation of Water and Wastewater, listed in the bibliography.

Quantitative analysis of multiple components in a mixture can be done by assuming
that Beer’s Law is additive for a mixture at a given frequency. For a mixture with two
components, the total absorbance of the mixture at a given frequency is the sum of the
absorbance of the two components, compound F and compound G, at that frequency.

Avotal = Af + Ag = arbcr + agbeg (4.12)

The absorptivity of F, ag, and the absorptivity of G, ag, are determined at two different
wavenumbers, v; and v, from a series of mixtures with known amounts of F and
G. This results in four absorptivity values, ag;, ap>, dg1, and agy; the symbol for wave-
number is eliminated for simplicity. The concentrations of F and G in an unknown
mixture can be calculated from two absorbance measurements at v; and v,. Two simul-
taneous linear equations with two unknowns are constructed and solved for cg and cg:

A at vy = ap1bcr + agi1beg

A at vy, = apber + agabeg

This approach can be used for multicomponent mixtures by applying matrix algebra. This
is generally done with a software program and even nonlinear calibrations can be handled
with statistical regression methods.

In addition to the quantitative analysis of mixtures, measurement of the intensity of
an IR band can be used to determine reaction rates of slow to moderate reactions. The reac-
tant or product has to have a “clean” absorption band and the absorbance concentration
relationship must be determined from calibration standards. The reaction cannot be extre-
mely fast because the band has to be scanned and even FTIR spectrometers are not instan-
taneous. FTIR spectrometers have permitted the determination of the kinetics of reactions
much more rapid than could be handled by dispersive instruments.

4.7. NEAR IR SPECTROSCOPY

The NIR region covers the range from 0.75 m (750 nm or 13,000 cm ") to about 2.5 wm
(2500 nm or 4000 cm ™ '). This is the range from the long-wavelength end of visible light
(red) to the short-wavelength side of the mid-IR region. The bands that occur in this region
are generally due to OH, NH, and CH bonds. The bands in this region are primarily over-
tone and combination bands and are less intense than the fundamental bands in the mid-IR
region. While weaker absorptions and limited functional group information might seem to
limit the usefulness of the NIR region, there are some inherent advantages to working in the
range. High-intensity sources such as tungsten-halogen lamps give strong, steady radiation
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over the entire range. Very sensitive detectors, such as lead sulfide photodetectors can be
used. These detectors need not be operated in liquid N,. The third important advantage is
that quartz and fused silica can be used both in optical systems and as sample containers.
Long path length cells can be used to compensate for the weaker absorptions and can be
used to advantage for process analysis applications. The NIR region is used primarily for
quantitative analysis of solid and liquid samples for compounds containing OH, NH, and
CH bonds, such as water and proteins. This is in contrast to the mid-IR region, which is
used primarily for qualitative analysis.

4.7.1. Instrumentation

NIR instrumentation is very similar to UV /VIS instrumentation, discussed in Chapters 2
and 5. Quartz and fused silica optics and tungsten-halogen lamps identical to those used in
UV/VIS systems may be used, as discussed earlier in the chapter. Commercial research
grade double-beam dispersive grating spectrometers are available that cover the optical
range from the UV (180 or 200 nm) through the visible up to the NIR long wavelength
limit of 2500 or 3000 nm. In addition, many customized portable filter-based NIR
instruments, FT-NIR instruments, and other designs for dedicated applications are com-
mercially available. Dispersive, nonscanning spectrographs are also used in NIR spec-
troscopy, with a silicon photodiode array detector. Figure 4.57 shows a schematic
diagram of such a system. These are used for dedicated applications, such as moisture
analyzers. Absorption, transmission, and reflection measurements are made in NIR
spectrometry.

Quartz optical fibers are transparent to NIR radiation and are often used to interface
the sample and spectrometer or spectrograph. The low OH-content quartz fiber used for
many NIR applications is single filament, between 100 and 600 wm in diameter. Fibers
can be bundled together when it is necessary to collect light over a large area. Fiber
optic probes can be used for remote sampling and continuous monitoring of bulk
flowing streams of commercial products as well as for simple “dip” probes. This
greatly simplifies sample preparation and in many cases, eliminates it completely.
Dilute liquid solutions can be analyzed in the standard 1 cm quartz cuvets used for
UV/VIS spectrometry.

Holographic
grating

Dispersed
light

Array
detector

Light input from
source/sample

Figure 4.57 Idealized layout for a simple diode array-based spectrograph. (From Coates, used
with permission.)
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4.7.2. NIR Vibrational Bands and Spectral Interpretation
The primary absorption bands seen in the NIR are:

C—H bands between 2100 and 2450 nm and between 1600 and 1800 nm
N—H bands between 1450 and 1550 nm and between 2800 and 3000 nm
O—H bands between 1390 and 1450 nm and between 2700 and 2900 nm

Bands for S—H, P—H, C==N, and C=0 also appear in the NIR region. Water has several
distinct absorption peaks at 1400, 1890, 2700, and 2750 nm. These bands enable the deter-
mination of hydrocarbons, amines, polymers, fatty acids, proteins, water, and other com-
pounds in a wide variety of materials.

There is some correlation between molecular structure and band position for certain
bands, but because these are often overtone and combination bands, their positions are not
as structure-dependent as the fundamental bands in the mid-IR. For example, primary
amines, both aliphatic and aromatic, have two absorption bands, one at about 1500 nm
and the second at about 1990 nm. Secondary amines have only one band at about
1500 nm. As expected, a tertiary amine has no NH band. Amides with an —NH, group
can be distinguished from R—NH—R’ amides by the number and position of the N—H
bands. The reference by Goddu has a detailed table of NIR structure—wavelength
correlations.

The molecular absorption coefficients (molar absorptivities) for NIR bands are up to
three orders of magnitude lower than the fundamental bands in the mid-IR. This results in
reduced sensitivity. Greater sample thickness can be used to compensate for this, giving
more representative results with less interference from trace contaminants. Sample path-
lengths of 0.1 mm-10 cm are common.

4.7.3. Sampling Techniques for NIR Spectroscopy

NIR spectroscopy has a real advantage over many spectroscopic techniques in that many
plastic and glass materials are transparent to NIR radiation at the common thicknesses
encountered for films, packaging materials, and coatings. It is practical to take an NIR
spectrum of a sample without even opening the sample container in many cases; the spec-
trum is collected through the plastic or glass bottle or through the plastic film on food or
the plastic bubble packs used for pharmaceutical tablets. In many cases, no sample prep-
aration is required at all. When diffuse reflectance measurements are made, not only is no
sample preparation required, but the method is also nondestructive.

4.7.3.1. Liquids and Solutions

With a fiber optic dip probe, many liquids and solutions can be analyzed with no sample
preparation. The use of a dip probe for transmission measurements requires that the liquid
or solution be free from small particles or turbidity. Suspended particles scatter light and
reduce the sensitivity of the measurement. The already low absorptivity of NIR bands
makes transmission measurements of limited use for liquid samples that are not clear.

There are a number of solvents that can be used to prepare solutions for NIR
measurements. Carbon tetrachloride and carbon disulfide are transparent over the entire
NIR range. Many other organic solvents are transparent up to 2200 nm, with only a
short region between 1700 and 1800 nm obscured by the solvent. Solvents as varied as
acetonitrile, hexane, dimethyl sulfoxide (DMSO), and dibutyl ether fit into this category.
Methylene chloride and chloroform can be used up to 2600 nm, with short “gaps” at about
1700 and 2300 nm.
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Liquids, gels, and solutions can be poured into cuvets for transmission measure-
ments in either a scanning NIR instrument or an FT-NIR instrument. Modern FT-NIR
transmission instruments permit the analysis of liquid samples in the cylindrical sample
vials used for chromatography. For example, the 7 mm disposable glass vials used for
LC can be used for transmission NIR measurements. Pharmaceutical laboratories often
need to collect the IR spectrum as well as performing HPLC or HPLC-MS on samples.
The ability to fill one type of sample vial and use it for multiple measurements is very valu-
able. It increases sample throughput by eliminating transfer of samples to multiple sample
holders and by eliminating washing of sample cells or cuvets. It also conserves sample,
decreases waste, and saves money.

4.7.3.2. Solids

For reflectance measurements, most solids require no sample preparation. Powders, tablets,
textiles, solid “chunks” of material, food, and many other solids are analyzed “as is”.
Samples can be analyzed through plastic bags, glass vials, or in sample cups. Examples
will be discussed in the applications section. NIR reflectance spectra of solids are often
plotted as the second derivative of the spectrum. This format shows small differences
between samples more clearly and eliminates scatter and slope in the baseline.

Polymer films can be measured in either reflectance or transmission mode. For
transmission, the film may be taped across an IR transmission card or cardboard slide
mount.

4.7.3.3. Gases

Gas samples are handled by filling the same type of gas cell used for mid-IR gas analysis,
except that the cell windows are of quartz instead of salt.

4.7.4. Applications of NIR Spectroscopy

The most important bands are overtones or combinations of the stretching modes of C—H,
O—H, and N—H. These bands enable the quantitative characterization of polymers,
chemicals, foods, and agricultural products for analytes such as water, fatty acids, proteins,
and the like. In many cases, the use of NIR reflectance spectroscopy has been able
to replace time consuming, classical “wet” chemical analyses, such as the Kjeldahl
method for protein nitrogen and the Karl Fischer titration for water content. The NIR
region has been used for qualitative studies of hydrogen bonding, complexation in
organometallic compounds, and solute—solvent interactions because the NIR absorptions
are sensitive to intermolecular forces.

Polymer characterization is an important use of NIR spectrometry. Polymers can be
made either from a single monomer, as is polyethylene, or from mixtures of monomers, as
are styrene—butadiene rubber from styrene and butadiene and nylon 6-6, made from
hexamethylenediamine and adipic acid. An important parameter of such copolymers is
the relative amount of each present. This can be determined by NIR for polymers with
the appropriate functional groups. Styrene content in a styrene—butadiene copolymer
can be measured using the aromatic and aliphatic C—H bands. Nylon can be characterized
by the NH band from the amine monomer and the C=O band from the carboxylic acid
monomer. Nitrogen-containing polymers such as nylons, polyurethanes, and urea for-
maldehyde resins can be measured by using the NH bands. Block copolymers, which
are typically made of a “soft block” of polyester and a “hard block” containing aromatics,
for example, polystyrene, have been analyzed by NIR. These analyses have utilized the
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C=O0, aromatic and aliphatic C—H bands. NIR is used to measured hydroxyl content in
polymers with alcohol functional groups (polyols), both in final product and online for
process control.

Fibers and textiles are well suited to NIR reflectance analysis. Analyses include
identifying the type of fiber, the uptake of dyes, the presence of processing oil in polyester
yarns, and the presence of fabric “sizing” agents.

Proteins in foods can be measured by NIR reflectance spectrometry with no sample
preparation. This has replaced the standard Kjeldahl protein nitrogen determination, which
required extensive sample preparation to convert protein nitrogen to ammonia, distillation
of the released ammonia, and subsequent titration of the ammonia. The replacement of the
Kjeldahl method for routine analysis by NIR has permitted online measurement of protein
in food and beverage products. The Kjeldahl method is required for assaying the materials
used to calibrate the NIR and for method validation.

The determination of ppm amounts of water in many chemicals is critical. Organic
solvents used for organic synthesis may have to be very dry so that traces of water do not
interfere with the desired reaction, for example. The classic method for measuring water at
low levels in organic solvents and other chemicals is the Karl Fischer titration, a time-
consuming procedure requiring expensive reagents. Using the O—H bands characteristic
of water, NIR has been used to measure water quantitatively in materials from organic
solvents to concentrated mineral acids.

The use of NIR for process analysis and real-time analysis of complex samples is
impressive. Grains such as wheat and corn can be measured with no sample preparation
for protein content, water content, starch, lipids, and other components. An NIR spectrometer
is now commercially available on grain harvesting machines to measure protein, moisture,
and oil as the grain is being harvested. The analysis is performed in real-time, as the
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Figure 4.58 Histogram for a corn harvest as measured in the field during harvest by
NIR spectroscopy. The oil content is centered about 4%, the protein is the lighter group of lines
between 5% and 10% and the moisture is centered at about 19%. (Reprinted from von Rosenberg
et al., with permission from Advanstar Communications, Inc.)
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farmer is driving around the field harvesting the grain. The data, displayed in Fig. 4.58, is
coupled with a global positioning unit on the harvester, resulting in a map of the farmer’s
field, showing the quality of the grain harvested from different points in the field
(Fig. 4.59). This gives the farmer important information about where more fertilizer or
water is needed. The real-time field analyzer gives excellent accuracy and precision, as
shown by comparison to standard laboratory analyses (Fig. 4.60).

Pharmaceutical tablets packaged in plastic “blister packs” can be analyzed non-
destructively by NIR spectrometry right through the package. In the quality control
laboratory, this permits rapid verification of product quality without loss of product. In
forensic analysis, unknown white powders in plastic bags seized as evidence in a drug
raid can be identified by obtaining the NIR spectrum nondestructively right through the
bag, eliminating the need to open the bag. This avoids possible contamination or spillage
of the evidence.

The cost savings provide by the use of NIR instead of titrations for water and protein
are enormous, not just in labor cost savings but in the cost of buying and then properly
disposing of expensive reagents. NIR permits increased efficiency and increased
product quality by online and at-line rapid analysis in the agricultural, pharmaceutical,
polymer, specialty chemicals, and textile industries, to name a few.

4.8. RAMAN SPECTROSCOPY

Raman spectroscopy is a technique for studying molecular vibrations by light scattering.
Raman spectroscopy complements IR absorption spectroscopy because some vibrations,
as we have seen, do not result in absorptions in the IR region. A vibration is only seen in
the IR spectrum if there is a change in the dipole moment during the vibration. For a
vibration to be seen in the Raman spectrum, only a change in polarizability is necessary.
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Figure 4.59 This figure is a false-color map of the field during a corn harvest showing the differ-
ences in protein content for corn from different parts of the field. The bar under the map runs from
blue on the left to red on the right. The top rectangle of the map is primarily blue (dark) and green
(light), indicating 6—7% protein. The irregular spot in the middle left section is yellow (about 8%
protein), while the rest of the lower portion is red and orange (8.5-9% protein). (Reprinted from
von Rosenberg et al., with permission from Advanstar Communications, Inc.)
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Figure 4.60 Correlation plot of the oil and protein values measured by the NIR field grain ana-
lyzer and the laboratory reference method (combustion analysis). (Reprinted from von Rosenberg
et al., with permission from Advanstar Communications, Inc.)

That is, only a distortion of the electron cloud around the vibrating atoms is required.
Distortion becomes easier as a bond lengthens and harder as a bond shortens, so the polari-
zability changes as the bound atoms vibrate. As we learned earlier in the chapter, homonuc-
lear diatomic molecules such as Cl, do not absorb IR radiation, because they have no dipole
moment. The C1—Cl stretching vibration is said to be IR-inactive. Homonuclear diatomic
molecules do change polarizability when the bond stretches, so the CI—ClI stretch is seen
in Raman spectroscopy. The Cl—CI stretching vibration is said to be Raman-active.
Some molecular vibrations are active in IR and not in Raman, and vice versa; many
modes in most molecules are active in both IR and Raman. Looking at CO, again, shown
below, the mode on the left is the IR-inactive symmetric stretch, while the other two asym-
metric vibrations are both IR-active. The symmetric stretch is Raman-active.

O0=C=0 0=C=0 O0=C=0
— \2

4.8.1. Principles of Raman Scattering

When radiation from a source is passed through a sample, some of the radiation is scat-
tered by the molecules present. For simplicity, it is best to use radiation of only one
frequency and the sample should not absorb that frequency. The beam of radiation is
merely dispersed in space. Three types of scattering occur. They are called Rayleigh scat-
tering, Stokes scattering, and anti-Stokes scattering. Most of the scattered radiation has the
same frequency as the source radiation. This is Rayleigh scattering, named after Lord Ray-
leigh, who spent many years studying light scattering. Rayleigh scattering occurs as a
result of elastic collisions between the photons and the molecules in the sample; no
energy is lost on collision. However, if the scattered radiation is studied closely, it can
be observed that slight interaction of the incident beam with the molecules occurs.
Some of the photons are scattered with less energy after their interaction with molecules
and some photons are scattered with more energy. These spectral lines are called Raman
lines, after Sir C.V. Raman, who first observed them in 1928. Only about 1 photon in a
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million will scatter with a shift in wavelength. The Raman—Stokes lines are from those
photons scattered with less energy than the incident radiation; the Raman—anti-Stokes
lines are from the photons scattered with more energy. The slight shifts in energy
and therefore, slight shifts in the frequencies of these scattered photons are caused by
inelastic collisions with molecules. The differences in the energies of the scattered
photons from the incident photons have been found to correspond to vibrational tran-
sitions. Therefore the molecules can be considered to have been excited to higher
vibrational states, as in IR spectroscopy, but by a very different mechanism. Figure 4.61
shows a schematic diagram of the Rayleigh and Raman scattering processes and of the IR
absorption process.

The energy of the source photons is given by the familiar expression E = hv. If a
photon collides with a molecule, the molecule increases in energy by the amount hv.
This process is not quantized, unlike absorption of a photon. The molecule can be
thought of as existing in an imaginary state, called a virtual state, with an energy
between the ground state and the first excited electronic state. The energies of two of
these virtual states are shown as dotted lines in Fig. 4.61. The two leftmost arrows
depict increases in energy through collision for a molecule in the ground state and a mol-
ecule in the st excited vibrational state, respectively. The arrows are of the same length,
indicating that the interacting photons have the same energy. If the molecule releases the
absorbed energy, the scattered photons have the same energy as the source photons. These
are the Rayleigh scattered photons, shown by the two middle arrows. The molecules have
returned to the same states they started from, one to the ground vibrational state and the
other to the first excited vibrational state. The arrows are the same length; therefore
the scattered photons are of the same energy.
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Figure 4.61 The process of Rayleigh and Raman scattering. Two virtual states are shown, one of
higher energy. Rayleigh and Raman scattering are shown from each state. Normal IR absorption is
shown by the small arrow on the far right marked AE, indicating a transition from the ground state
vibrational level to the first excited vibrational level within the ground electronic state.
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If the molecule begins to vibrate with more energy after interaction with the photon,
that energy must come from the photon. Therefore, the scattered photon must decrease in
energy by the amount equal to the vibrational energy gained by the molecule. That process
is shown by the second arrow from the right. Instead of returning to the ground vibrational
state, the molecule is now in the first excited vibrational state. The energy of the scattered
photon is E — AE, where AE is the difference in energy between the ground and first
excited vibrational states. This is Raman scattering, and the lower energy scattered
photon gives rise to one of the Stokes lines. Note that AE is equal to the frequency of
an IR vibration; if this vibration were IR-active, there would be a peak in the IR spectrum
at a frequency equal to AE. In general, the Raman—Stokes lines have energies equal to
E — AE, where AE represents the various possible vibrational energy changes of the mol-
ecule. This relationship can be expressed as:

E—AE =h(v—vy) (4.13)

where v is the frequency of the incident photon and v, is the shift in frequency due to
an energy change AE. Several excited vibrational levels may be reached, resulting in
several lines of energy h(v — vy), h(v — v,), h(v — v3), and so on. These lines are all
shifted in frequency from the Rayleigh frequency. The Stokes lines, named after Sir
George Gabriel Stokes, who observed a similar phenomenon in fluorescence, are
shifted to lower frequencies than the Rayleigh frequency. The Raman shifts are com-
pletely independent of the wavelength of the excitation source. Sources with UV,
visible, and NIR wavelengths are used, and the same Raman spectrum is normally
obtained for a given molecule. There are exceptions due to instrumental variations
and also if a resonance or near-resonance condition applies at certain wavelengths
(Section 4.8.4).

Less commonly, the molecule decreases in vibrational energy after interacting with
a photon. This might occur if the molecule is in an excited vibrational state to begin with
and relaxes to the ground vibrational state. In this case, the molecule has given energy to
the scattered photon. The photon is shifted to a frequency higher than the incident radi-
ation. These higher frequency lines, the Raman—anti-Stokes lines, are less important to
analytical chemists than the Stokes lines because of their lower intensity. One exception
to this is for samples that fluoresce strongly. Fluorescence interferes with the Stokes lines
but to a much lesser extent with the anti-Stokes lines.

It is convenient to plot the Raman spectrum as intensity vs. shift in wavenumbers in
cm” ', because these can be related directly to IR spectra. The Raman shift in cm ' is iden-
tical to the IR absorption peak in cm ™' for a given vibration, because both processes are
exciting the same vibration. The Raman spectrum for benzene is shown in Fig. 4.62, along
with the related IR transmission spectrum.

4.8.2. Raman Instrumentation

A Raman spectrometer requires a light source, a sample holder or cell, a wavelength selector
(or interferometer), and a detector, along with the usual signal processing and display equip-
ment. Since Raman spectroscopy measures scattered radiation, the light source and sample
cell are usually placed at 90° to the wavelength selector, as shown schematically in Fig. 4.63.
The radiation being measured in Raman spectroscopy is either visible or NIR; therefore
spectrometer optics, windows, sample cells, and so on can be made of glass or quartz. It
is critical in Raman spectroscopy to completely exclude fluorescent room lights from the
spectrometer optics. Fluorescent lights give rise to numerous spurious signals.
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Figure 4.62 (a) The IR spectrum and Raman spectrum of benzene. (b) The IR spectrum of
ethanol. (c) The Raman spectrum of ethanol. (b) and (c) are not plotted on the same scale. (The
ethanol spectra are courtesy of http://www.aist.go.jp/RIODB/SDBS.)
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4.8.2.1. Light Sources

onochromatic light sources are required for Raman spectroscopy. The light sources used

originally were simple UV light sources, such as Hg arc lamps; however, these were weak

SO

urces and only weak Raman signals were observed. The Raman signal is directly
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Figure 4.63 Idealized layout of a Raman spectrometer.

proportional to the power of the light source, which makes the laser, which is both mono-
chromatic and very intense, a desirable light source. It was the development in the 1960s
of lasers that made Raman spectroscopy a viable and useful analytical technique. Modern
Raman instruments use a laser as the light source. The use of these intense light sources
has greatly expanded the applications of Raman spectroscopy, because of the dramatically
increased intensity of the signal and a simultaneous improvement of the signal-to-noise
ratio. Lasers and excitation wavelengths commonly used for Raman instruments include
visible wavelength helium/neon lasers and ion lasers such as the argon ion laser
(488 nm) and the krypton ion laser (531 nm). The intensity of Raman scattering is pro-
portional to the fourth power of the excitation frequency or to 1/ A%, so the shorter wave-
length blue and green ion lasers have an advantage over the red helium/neon laser line at
633 nm. The disadvantage of the shorter wavelength lasers is that they can cause the
sample to decompose on irradiation (photodecomposition) or fluoresce, an interference
discussed subsequently. NIR lasers, such as neodymium/yttrium aluminum garnet,
Nd/YAG, with an excitation line at 1064 nm, are used to advantage with some samples
because they do not cause fluorescence or photodecomposition.

4.8.2.2. Dispersive Spectrometers Systems

Traditional Raman spectrometers used a monochromator with two or even three gratings
to eliminate the intense Rayleigh scattering. The optical layout is similar to that for the
UV/VIS single grating monochromators discussed in Chapters 2 and 5. Holographic inter-
ference filters, called super notch filters, have been developed that dramatically reduce the
amount of Rayleigh scattering reaching the detector. These filters can eliminate the need
for a multiple grating instrument unless spectra must be collected within 150 cm ™! of the
source frequency. Dispersive systems generally use a visible laser as the source.

The traditional detector for these systems was a photomultiplier tube. Multichannel instru-
ments with photodiode array (PDA), CID, or CCD detectors are commonly used today. All three
detectors require cryogenic cooling. The PDA has the advantage of having the fastest response
but requires more complicated optics than the other detectors. The CID has the advantage over
both the PDA and CCD of not “blooming”, that is, not having charge spill over onto adjacent
pixels in the array, which would be read in error as a signal at a frequency where no signal
exists. CCDs are the slowest of the three array detectors because they have to be read out by trans-
ferring the stored charge row by row, but they are also the least expensive of the detector arrays.
Sensitivity is improved in newer CCD designs as well. A dispersive Raman spectrometer with a
CCD detector is shown schematically in Fig. 4.64.

4.8.2.3. FT Raman Spectrometers

FT-Raman systems generally use an NIR laser source, such as the Nd/YAG laser, and a
Michelson interferometer. A schematic FT-Raman spectrometer is shown in Fig. 4.65.
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Figure 4.64 Schematic of a dispersive Raman spectrometer. (Reprinted from Weesner and Long-
mire, with permission from Advanstar Communications, Inc.)

The NIR laser source line is at 1064 nm, so the Raman—Stokes lines occur at longer wave-
lengths. This is beyond the detection range of the materials used in array detectors. The detec-
tor for an NIR FT-Raman system is a liquid nitrogen-cooled photoconductive detector such as
Ge or InGaAs.

FT-Raman has many of the advantages of FTIR. There is high light throughput,
simultaneous measurement of all wavelengths (the multiplex advantage), increased
signal-to-noise ratio by signal averaging, and high precision in wavelength. A major
advantage is in the use of the NIR laser, which dramatically reduces fluorescence in
samples. Fluorescence occurs when the virtual states populated by excitation overlap
excited electronic states in the molecule. Then, the molecule can undergo a radiationless
transition to the lowest ground state of the excited electronic state before emitting a fluor-
escence photon on relaxation to the ground state. The fluorescence photon is of lower
energy than the exciting radiation, and so fluorescence occurs at longer wavelengths, inter-
fering with the Stokes scattering lines. The NIR laser is of low energy and does not popu-
late virtual states that overlap the excited electronic states, as higher energy visible lasers
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Figure 4.65 Schematic of an FT-Raman spectrometer. (Reprinted from Weesner and Longmire,
with permission from Advanstar Communications, Inc.)
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can. As an example, the Raman spectrum of cocaine is shown in Fig. 4.66. The spectrum in
Fig. 4.66(a) was collected with an FT-Raman spectrometer using an NIR laser, while that
in Fig. 4.66(b) was collected with a dispersive Raman system and a visible laser. Figure
4.66(b) shows a large fluorescence band that obscures most of the Raman spectrum
below 2000 cm ™~ '. With appropriate mathematical “smoothing” algorithms and multipoint
baseline correction, it is possible to extract a useable Raman spectrum from samples
that exhibit strong fluorescence, as shown in Fig. 4.67. One consideration in FT-Raman
is that the laser line at 1064 nm is very close to a water absorption band. While this
does not prevent aqueous solutions from being studied by FT-Raman, aqueous solutions
cannot be studied as easily as they can with dispersive Raman.

4.8.2.4. Samples and Sample Holders for Raman Spectroscopy

Because the laser light source can be focused to a small spot, very small samples can be
analyzed by Raman spectroscopy. Samples of a few microliters in volume or a few milli-
grams are sufficient in most cases. Liquid samples can be held in beakers, test tubes, glass
capillary tubes, or NMR tubes. Aqueous solutions can be analyzed since water is a very
weak Raman scatterer. This is a significant advantage for Raman spectroscopy over IR.
Other solvents that can be used for Raman studies include chloroform, carbon tetra-
chloride, acetonitrile, and carbon disulfide. Solid powders can be packed into glass
capillary tubes, NMR tubes, or glass vials for analysis. The spectra are obtained
through the glass. Solid samples can also be mounted at the focal point of the laser
beam and their spectra obtained “as is” or pressed into pellets. Gas samples do not
scatter radiation efficiently, but can be analyzed by being placed into a multipath gas
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Figure 4.66 Analyses of crack cocaine using (a) FT-Raman and (b) 785 nm dispersive Raman.
Note the lack of fluorescence in the FT-Raman spectrum and the rich spectral information
between 2500 and 3300 cm ™ '. This information is obscured by the fluorescence band in the disper-
sive spectrum. (Reprinted from Weesner and Longmire, with permission from Advanstar Communi-
cations, Inc.)
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Figure 4.67 It is possible to extract data from a Raman spectrum that exhibits fluorescence
interference by the application of mathematical data treatments as shown here. The data treat-
ments were applied sequentially to give the final spectrum shown in (d). (a) is the raw spectrum
of a weak scatterer with a fluorescence background, (b) is the spectrum after Savitzky—Golay
smoothing, (c) after a multipoint baseline correction performed by the analyst, and (d) after
a Fourier smoothing. (Reprinted from Kawai and Janni, with permission from Advanstar
Communications, Inc.)

cell, with reflecting mirrors at each end. The body of the gas cell must be of glass to allow
collection of the scattered light at 90°.

The sample must be placed at the focal point of an intense laser beam, and some
samples may be subject to thermal decomposition or photodecomposition. Accessories
that spin the sample tube or cup are available, to distribute the laser beam over the
sample and reduce heating of the sample. Spinning or rotating the sample minimizes
thermal decomposition, but does not stop photodecomposition. Sample spinning is
required for resonance Raman spectroscopy, discussed later.

Raman spectroscopy does not suffer interference from atmospheric water vapor or
carbon dioxide, as does IR. Gases do not scatter well, so even though Raman-active
bands occur for these gases, the contribution to the Raman signal from air in the optical
path is insignificant. Materials in the optical path outside of the laser focus also have
negligible scattering.

4.8.3. Applications of Raman Spectroscopy

Quantitative and qualitative analyses of inorganic and organic compounds can be per-
formed by Raman spectroscopy. Raman spectroscopy is used for bulk material character-
ization, online process analysis, remote sensing, microscopic analysis, and chemical
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imaging of inorganic, organic and organometallic compounds, polymers, biological
systems, art objects, and much more. Raman spectra have fewer lines and much sharper
lines than the corresponding IR spectra. This makes quantitative analysis, especially of
mixtures, much simpler by Raman spectroscopy than by IR spectroscopy.

Quantitative analysis had not been as common as in IR spectroscopy until recently,
due to the high cost of Raman instruments. With prices for Raman systems dropping below
$40,000, and even as low as $10,000, the use of Raman spectroscopy for quantitative
analysis is increasing. Quantitative analysis requires measurement of the intensity of the
Raman peaks and the use of a calibration curve to establish the concentration—intensity
relationship. The intensity of a Raman peak is directly proportional to the concentration:

I = KIvte (4.14)

where [ is the intensity of Raman signal at frequency v; K, the proportionality constant
including instrument parameters such as laser power; J, the scattering constant for the
given Raman peak; v, the scattering frequency of the Raman peak; and ¢, concentration
of analyte.

K, J, and v are all constants for a given sample measurement. The frequency and
intensity of the desired Raman lines are measured, and the intensity of an unknown com-
pared to the calibration curve. It is common to use an internal standard for Raman analysis,
because of the dependence of the signal on the laser power (in the K term). Without an
internal standard, the laser power, sample alignment, and other experimental parameters
must be carefully controlled. If an internal standard is used, the intensity of the internal
standard peak is also measured, and the ratio of intensities plotted vs. concentration.
Upon division, this reduces Eq. (4.14) to:

I
uk _ Ke (4.15)

I std

The use of the internal standard minimizes the effect of changes in instrumental par-
ameters and can result in better accuracy and precision. Quantitative analyses that can
be done by Raman spectroscopy include organic pollutants in water, inorganic oxyanions
and organometallic compounds in solution, aromatic/aliphatic hydrocarbon ratios in fuels,
antifreeze concentration in fuel, and concentration of the active pharmaceutical ingredient
in the presence of excipients such as microcrystalline cellulose. Mixtures of compounds in
pharmaceutical tablets can be determined quantitatively, without dissolving the tablets.
Raman sensitivity varies greatly, depending on the sample and the equipment. In
general, analyte concentrations of at least 0.1-0.5 M are needed to obtain good signals.

Another use of Raman spectroscopy for quantitative analysis is the determination of
percent crystallinity in polymers. Both the frequency and intensity of peaks can shift on
going from the amorphous to the semicrystalline state for polymers. The percent crys-
tallinity can be calculated with the help of chemometrics software.

Qualitative analysis by Raman spectroscopy is very complementary to IR spec-
troscopy and in some cases has an advantage over IR spectroscopy. The Raman spectrum
is more sensitive to the organic framework or backbone of a molecule than to the func-
tional groups, in contrast to the IR spectrum. IR correlation tables are useful for Raman
spectra, because the Raman shift in wavenumbers is equal to the IR absorption in wave-
numbers for the same vibration. Raman spectral libraries are available from commercial
and government sources, as noted in the bibliography. These are not as extensive as
those available for IR, but are growing rapidly.
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The same rules for number of bands in a spectrum apply to Raman spectra as well as
IR spectra: 3N—6 for nonlinear molecules and 3N—5 for linear molecules. There may be
fewer bands than theoretically predicted due to degeneracy and nonactive modes. Raman
spectra do not usually show overtone or combination bands; they are much weaker than in
IR. A “rule of thumb” that is often true is that a band that is strong in IR is weak in Raman
and vice versa. A molecule with a center of symmetry, such as CO,, obeys another rule: if
a band is present in the IR spectrum, it will not be present in the Raman spectrum. The
reverse is also true. The detailed explanation for this is outside the scope of this text,
but the rule “explains” why the symmetric stretch in carbon dioxide is seen in the
Raman spectrum, but not in the IR spectrum, while the asymmetric stretch appears in
the IR spectrum but not in the Raman spectrum.

Structural identification of an unknown is usually done with both IR and
Raman spectra, or by matching Raman spectra to spectral libraries of known com-
pounds. Subtraction of known spectra from the spectrum of an unknown mixture to
identify the components of the mixture works better for Raman spectra than for
IR spectra, because there are fewer Raman peaks, the peaks are sharp and their
position and shape are not affected by hydrogen-bonding. For example, it is possible
to identify the components of a commercial pain relief tablet by spectral subtraction
from the Raman spectrum of the intact tablet, as shown in Fig. 4.68. Another
example of spectral subtraction is the identification of cocaine in a mixture of
cocaine and lactose, seen in Fig. 4.69.

Raman spectroscopy is particularly useful for studying inorganic and organometallic
species. Most inorganic, oxyanionic, and organometallic species have vibrations in
the far-IR region of the spectrum, which is not easily accessible with commercial IR
equipment. These metal—ligand and metal—oxygen bonds are Raman-active and are
easily studied in aqueous solutions.

1.5COMMON PHARMACEUTICAL

C ACID, 99+%

e o 7o
Raman shift (cm-1)

Figure 4.68 The analysis of a common multicomponent pharmaceutical tablet by Raman spec-
troscopy with spectral subtraction. The top spectrum is the entire tablet. The spectra for acetylsali-
cylic acid and caffeine were subtracted, resulting in the spectrum of the third component, identified
as 4-acetamidophenol. [Courtesy of ThermoNicolet, Madison, WI (www.thermonicolet.com).]
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Figure 4.69 Raman spectral subtraction can be used to identify the “cutting agent”, lactose, used
to dilute cocaine. The reference spectrum for lactose is shown as well as the spectrum of the mixture.
Subtraction of the lactose spectrum from the mixture results in a spectrum that matches pure cocaine.
[Courtesy of ThermoNicolet, Madison, WI (www.thermonicolet.com).]

As noted earlier, fused silica optical fiber is used for remote NIR measurements. The
same type of fiber optic probe can be used for Raman spectroscopy, and enables remote
measurement of samples and online process measurements. In sifu reaction monitoring
by Raman spectroscopy has been used to study catalytic hydrogenation, emulsion poly-
merization, and reaction mechanisms. Remote sensing of molecules in the atmosphere
can be performed by Raman scattering measurements using pulsed lasers.

4.8.4. The Resonance Raman Effect

When monochromatic light of a frequency that cannot be absorbed by the sample is used,
the resulting Raman spectrum is the normal Raman spectrum. Normal Raman spec-
troscopy, as has been noted, is an inefficient process resulting in low sensitivity and it
suffers from interfering fluorescence in many samples. If a laser excitation wavelength
is used that falls within an excited electronic state of the molecule, the intensity of
some Raman lines increases by as much as 10°—10° over the normal Raman intensity.
This is known as the resonance Raman effect, and the technique is called resonance
Raman spectroscopy. The molecule must possess a chromophore that can absorb visible
or UV radiation (discussed in Chapter 5). The process that occurs is shown schematically
in Fig. 4.70. The resulting spectra are even simpler than normal Raman spectra, because
only totally symmetric vibrations associated with the chromophore are enhanced in inten-
sity. This makes resonance Raman a very selective probe for specific chromophores.
Resonance Raman spectroscopy has been used to study low concentrations of biologically
important molecules such as hemoglobin.

Lasers that have wavelengths in the UV and visible regions of the spectrum are used
for resonance Raman spectroscopy. Tunable dye lasers are often used; these lasers can



302 Chapter 4

First excited
electronic state
with 4 vibrational
levels shown

S = N W

Vscattcr Vﬂuorcsccncc

Ground electronic
state with 4
vibrational levels
shown 0

B

— 1w
<

Figure 4.70 The resonance Raman process.

be set to a selected wavelength over the UV/VIS range of 200—800 nm. This permits
maximum flexibility in the choice of excitation wavelength.

4.8.5. Surface-Enhanced Raman Spectroscopy (SERS)

Surface-enhanced Raman spectroscopy (SERS) is another technique for obtaining strong
Raman signals from surfaces and interfaces, including species adsorbed onto surfaces.
Fleischmann and coworkers developed SERS in 1974. The SERS technique requires adsorp-
tion of the species to be studied onto a “rough” metal or metal colloid surface, where the
roughness is at the atomic level. Inorganic and organic species adsorbed onto such surfaces
show enhancement of Raman signals by up to 10° over normal Raman signals. The reasons
for the enhancement are not yet well understood. Metals used as surfaces include gold,
silver, and copper. Metal electrodes, metal films, and metal colloids have been used. The
adsorbed or deposited analyte molecule must be less than 50 A from the surface for the
enhancement to be observed. Samples have been deposited electrolytically onto electrode
surfaces, or mixed with colloidal metal suspensions. Samples separated on thin layer
chromatography (TLC) plates have been sprayed with metal colloid solution.

The enhancement leads to the ability to detect extremely small amounts of
material, making SERS an effective tool for a variety of problems, from corrosion studies
to detection of chemical warfare agents. Detection limits for SERS are in the nanogram range.

4.8.6. Raman Microscopy

Raman spectroscopy coupled to a microscope permits the analysis of very small samples
nondestructively. The use of Raman microscopy allows the characterization of specific
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domains or inclusions in heterogeneous samples with very high spatial resolution. With
dispersive Raman microscopy, the spatial resolution is often better than 1 pwm. FT-Raman
microscopy is limited to spot sizes of about 2—10 wm, but with no interference from
fluorescence. The use of a confocal microscope (Fig. 4.71) allows only the light at
the sample focus to pass into the detector; all other light is blocked. This permits non-
destructive depth profiling of samples without the need for cross-sectioning of the
sample. For example, confocal Raman microscopy can identify the polymers in complex
layered structures, such as multilayer films used for food packaging. Characterization of
heterogeneous materials includes inclusions in minerals, the pigments, and other com-
ponents in cosmetics, and the study of pigments, resins, and dyes in art and archeological
objects. Using Raman microscopy, it is possible to identify if a red pigment in a painting
is expensive cinnabar (HgS), cheaper hematite (Fe,O3), a mixture of the two, or an
organic dye. The article by Edwards provides a detailed table of Raman bands from
common minerals used in art and an overview of the use of Raman microscopy for
the study of art objects. Raman microscopy is particularly useful for art and archeological
objects, because there is no sample preparation required and the natural water present
in paintings, manuscripts, and ancient textiles does not interfere, as it does in IR
spectroscopy.

FTIR microscopy was discussed earlier in the chapter, and given the complemen-
tary nature of IR and Raman, it is reasonable that laboratories performing IR microscopy
might well need Raman microscopy and vice versa. Two microscope systems were
required and the sample had to be moved from one system to the other. The difficulty
of relocating the exact spot to be sampled can be imagined. A new combination disper-
sive Raman and FTIR microscopy system was introduced in 2002. The system, called
the LabRam-IR (JY Horiba, Edison, NJ), allows both Raman and IR spectra to be
collected at exactly the same location on the sample. The resolution depends on the

| Detector

Confocal aperture

Objective

o
\\// Sample

Figure 4.71 A simplified illustration of confocal microscopy. A spectrum is collected only from
the area of the sample denoted by the middle arrow; only that light exits the confocal aperture.
Information from all other sample areas is blocked. (Reprinted from Weesner and Longmire, with
permission from Advanstar Communications, Inc.)




304 Chapter 4

Intensity

500 1000 1500 2000 2500 3000
Wavenumber (cm™)

Figure 4.72 The Raman and FTIR spectra of a 10 pm fiber of a nylon 6-polyethylene glycol
block copolymer. Spectra were collected at exactly the same spot on the fiber with the JYHoriba
LabRam-IR microscope with Same Spot™ technology. [Courtesy of Jobin Yvon, Horiba Group,
Edison, NJ (www.jyhoriba.com).]

5000

4000
FTIR

30001

Intensity (a.u

2000+

1000
RAMAN

500 1000 1500 2000 2500 3000 3500
Wavenumber (cm™)

Figure 4.73 Raman and FTIR spectra of a gallstone. The spectra were recorded with the
JYHoriba LabRam-IR microscope using a 532 nm laser. The FTIR spectrum is more sensitive
to the OH bands, while the Raman spectrum starts below 600 cm~ ! and shows details of the
cholesteric species and the C=C bands. [Courtesy of Jobin Yvon, Horiba Group, Edison, NJ
(www.jyhoriba.com).]

Tk

Figure 4.74 A schematic representation of a 3D spectral data cube. Sample spatial positions
are represented by the x and y coordinates; the spectral wavelength is represented by the A axis.
(Reprinted from McLain et al., with permission from Advanstar Communications, Inc.)
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Figure 4.75 Use of FTIR imaging. (a) The visible light image of an inclusion in polypropylene
film. Sample size is approximately 450 x 450 um. (b) The IR image of the same inclusion
showing the distribution of a carbonyl contaminant through the inclusion. The image contains
more than 5000 spectra at 6.25 wm pixel size. The total data collection time was 90 s. Collected
on a Spectrum Spotlight 300 FT-IR Imaging System. [Courtesy of PerkinElmer Instruments,
Shelton, CT (www.perkinelemer.com).]

wavelength observed, because resolution is limited by diffraction, but is <1 pm for the
Raman spectrum and 10-20 wm for the IR spectrum. Examples of the type of data
that can be obtained with this combination microscopy system are shown in Figs. 4.72
and 4.73.
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Figure 4.76 Schematic of the NIRIM. (Reprinted from McLain et al., with permission from
Advanstar Communications, Inc.)



306 Chapter 4

4.9. CHEMICAL IMAGING USING NIR, IR, AND
RAMAN SPECTROSCOPY

The most recent breakthrough in the use of vibrational spectroscopy for chemical analysis
is in the area of chemical imaging. Chemical imaging is the use of 2D or 3D detectors to
collect spectral data from a large number of locations within a sample and then using
the variations in the spectral data to map chemical differences within the sample. The
chemical differences are often displayed as a false-color image of the sample. The use
of chemical imaging technology in NMR has been described in Chapter 3; it is the tech-
nique more commonly called MRI.

FTIR imaging has been commercially available since 1996. The usual “detector” is
an MCT array detector, called a focal plane array (FPA) detector, used in conjunction with
an FTIR microscope. A 64 x 64 FPA detector has 4096 detector elements and allows 4096
interferograms to be collected simultaneously. Because each pixel in the detector array
generates a spectrum, there are three dimensions in the data set. These data sets are
often referred to as data cubes or image cubes. The x and y coordinates of the cube are
the spatial positions while the z coordinate represents the wavelength, as shown in
Fig. 4.74. The data can be handled in many ways, including the use of library searching,
principal component analysis, and more, making this a powerful technique. As a simple
example, the intensity of the carbonyl-stretching band in each pixel can be “reassembled”
into the visual image seen through the microscope, giving a distribution of carbonyl-
containing material in the sample. Such an image is shown in Fig. 4.75, collected
with the Spectrum Spotlight 300 FTIR Imaging System (PerkinElmer Instruments,

(@)

(b)

T T Ll T

200 400 600 800
Wavenumber (cm ™)

Figure 4.77 Identification of a small molybdenum sulfide inclusion in a larger boric acid

crystal using the NIRIM system. (Reprinted from McLain et al., with permission from Advanstar
Communications, Inc.)
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Shelton, CT, www.perkinelmer.com). Samples can be measured in reflectance mode or
transmission mode. Solid samples such as biological tissues may need to be sl